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BFSC SEMESTER-I  

 

BFSC-101 Principles of Aquaculture  

Aquaculture production statistics- world and India. Aquaculture resources of world and India. 

Components of Aquaculture farms. Estimation of carrying capacity. Practices on prestocking 

and post stocking management. Growth studies in aquaculture system.  Study on waste 

accumulation in aquaculture system (NH3, Organic matter, CO2). Analysis of manure. 

 

BFSC-102 Meteorology, Climatology and Geography  

Graphic representation of structure of atmosphere; physical layering and compositional 

layering. Temperature instruments: simple thermometers; Six's Max-Min Thermometer; 

thermograph. Humidity measurement: hygrometer; psychrometer; relative humidity; dew 

point. Condensation: observation and identification of various types of clouds. Precipitation: 

measurement of rainfall using rain gauge. Atmospheric pressure measurement: fortin's 

mercurial barometer; Aneroid barometer. Isobars: Wind observation and measurement: wind 

vane; cup anemometer. Geography: The Earth: diagrammatic representation of shape, size, 

structure, zones, latitudes, longitudes and great circles. Geographical terms used in landscape. 

 

BFSC-103 Soil and Water Chemistry  

Principles of Titrimetry, Gravimetry, Potentiometry, Conductometry, Refractometry, 

Colourimetry, Turbidimetry, Spectrophotometry (UV, Visible, Flame, AAS), Computerized 

instrument system. Demonstration: demonstration of laboratory glass wares and equipment 

used in water and soil analysis. Water analysis: measurement of temperature, turbidity. 

Determination of pH and EC. Determination of salinity, chlorinity, total solids, Redox 

potential, DO, Free CO2. Determination of total alkalinity, total hardness. Determination of 

inorganic nitrogen and phosphorus. Soil analysis: Determination of soil texture, soil pH, 

conductivity, soil available nitrogen, available phosphorus, and organic carbon. 

 

BFSC-104 Fundamentals of Microbiology  

Handling of microscopes, Wet mount, smear and hanging drop preparations Micrometry- 

Determination of size of micro organisms (ocular, stage micrometers). Tools and techniques 

in sterilization methods: Filtration, dry heat, moist heat, chemical agents Cultivation 

technique: Media preparation, Isolation - pure culture, subculture. Observation of fungi, 

bluegreen algae, and protozoans. Staining techniques for bacteriaï simple, differential, 

structural and Biochemical tests: Indole, methyl red, Voges Proskauer, citrate test, oxidase 

test, catalase ztests. Collection of water and sediment samples for microbiological analysis, 

Winogradsky cylinder, Isolation, identification and enumeration of various groups of 

microorganisms from different water bodies including aquaculture systems. Study of bacteria 

involved in nutrient cycles. Biofilms, water testing for potability, enumeration of coliforms. 

Antibiotic sensitivity of bacteria - antibiotic sensitivity test ï disc diffusion method. 

 

BFSC-105 Fundamentals of Biochemistry 
 Preparation of normal solution of acid and base, buffers and reagents. Qualitative 

determination of carbohydrates, proteins and lipids. Estimation of total nitrogen and crude 

protein of fish tissue. Estimation of carbohydrates in foods. Determination of specific gravity 

of oil. Extraction and estimation of total lipids in fish tissue. Determination of saponification 

value, iodine value and free fatty acid value. 
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BFSC-106 Taxonomy of finfish  

Collection and identification of commercially important inland and marine fishes. Study of 

their external morphology and diagnostic features. Modern taxonomic tools - Protein analysis 

and electrophoretic studies; Karyo taxonomy - chromosome preparation and identification. 

DNA barcoding, DNA polymorphism; Visit to fish landing centres to study commercially 

important fishes and catch composition. 

 

 

BFSC-107 Information and Communication Technology  

Exercises on binary number system, algorithm and flow chart; MS Word; MS Excel; MS 

Power Point; Internet applications: Web Browsing, Creation and operation of Email account; 

Analysis of fisheries data using MS Excel. Handling of audio visual equipments. Planning, 

preparation, presentation of posters, charts, overhead transparencies and slides. Organization 

of an audio visual programme. 

 

 

BFSC-108 Taxonomy of Shellfish  

Study of external morphology. Collection, preservation and identification of commercially 

important prawns, shrimps, crabs, lobsters, bivalves, gastropods, cephalopods from natural 

habitats. Field visits for collection and study of commercially important shellfishes. 

 

 

BFSC-101 Principles of Aquaculture  

Pond preparation 

Principle 

Pond preparation is an essential practice to the success of fish culture. High organic matter 

content in neutral soil often promotes higher primary productivity and hence higher fish 

yield. Good pond preparation can serve a number of purposes such as sterilize and improve 

soil quality of ponds, induce production of natural foods; It is rich in protein, vitamins, 

minerals and other essential growth elements that simple supplementary feed cannot 

complete, Increase fish survival, Maintain fish health, Ensure good growth and yield. Fish 

yield in pond can also be affected by the presence of predators, deteriorating water quality 

and improper pond management. Hence, pond preparation is a first step towards ensuring a 

better pond production. 

Procedures 

1. Drain water from ponds completely and let ponds dry for 1-2 weeks until the bottom 

mud cracks. 

2. Upon drying, air and sunlight can enhance oxidation of reduced chemical compounds 

in pond bottom, and eradicate unwanted organisms, predators and micro-organisms. 

3. Liming is usually applied during or after the pond drying stage. 

4. Liming is an important procedure to increase alkalinity and pH in pond soil, maintain 

pH (7-8) in pond water, provide sufficient CO2 for phytoplankton growth, and 

enhance good response to fertilization. 
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5. The amount of lime applied to ponds depends on the nature of the soil and history of 

ponds. 

6. In general, newly dug ponds require greater amount of initial lime input than aged 

ponds; loamy soil needs less lime than clayey and acid soil. 

7. To enhance the lime reaction with pond soil, the pond bottom should be saturated 

with water prior to lime application. Lime should be spread evenly on the pond 

bottom and dike slopes. 

8. Liming can be done in three different ways: 

9. by broadcast over dried pond which includes the dike walls. 

10. by mixing with water and spraying over the pond, and 

11. by liming the water flowing into the pond. 

12. One to two weeks after liming, ponds are ready to be filled with water. Inlet and 

overflow pipes should be covered with screen nets to prevent wild fish from being 

introduced. 

13. Some rocks, a piece of bamboo mat or a piece of iron wire can be put under the inlet 

pipe to protect the soil from being eroded there and the water from becoming too 

muddy during filling. 

14. Fertilization using chemical fertilizers, manure or their combinations starts on the next 

day after filling and should continue on a weekly basis until water becomes green. 

15. When Secchi disk visibility reaches about 30 cm, fish can be stocked. If the Secchi 

disk is not available, you may roughly test how fertile the pond water is by putting 

your arm in the water until it reaches your elbow, and then look at your hand. If you 

can see your palm through the water, you need to add more fertilizers and test again 

before stocking fish. 

 

 

2. Analysis of soil pH and liming 

Principle 

Liming is the application of calcium and magnesium compounds to the soil for the purpose of 

reducing soil acidity. 

Materials required  

1. pH meter 

2. Glass beaker 

3. Distilled water 

4. Soil sample 

5. Weighing balance 

6. p-nitrophenol buffer: To prepare a p-nitrophenol buffer of pH 8.0. Dilute 20 g para-

nitrophenol, 15 g boric acid, 75 g potassium hydroxide in one liter of distilled water. 

Check the pH using a standardized pH meter and adjust to the right pH by adding 
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7.5% potassium hydroxide (7.5 g/100 ml distilled water) or 1.5% boric acid (1.5 

g/100 ml distilled water). 

Procedure 

1. Weight 20 g of the sieved soil sample in 100 ml glass beaker and add 20 ml of 

distilled water. Stir intermittently for one hour. 

2. Measure the pH of the above solution with a pH meter previously standardized and 

record the reading. 

3. Add 20 ml of p-nitrophenol buffer to the above solution and stir intermittently for 20 

minutes. Prior to reading its pH, set the pH meter to pH 8.0 with 1:1 mixture of the p-

nitrophenol buffer and distilled water. 

4. Read the pH of the soil sample (buffer/distilled water mixture) while stirring 

vigorously. 

5. Use the values of the soil sample pH in distilled water and soil sample in buffered 

solution to obtain the liming rate from Table 1. 

6. If the pH of the soil in the buffered solution is below 7, repeat the analysis with 10 g 

of soil sample and double the liming rate from Table 1. 

7. Table 1. Lime requirement in kg/ha of calcium carbonate (neutralizing value of 100) 

to increase total hardness and total alkalinity of pond water above 20 mg/L 

 

 

 

 

Mud pH in 

water 

Mud pH in buffered solution 

7.9 7.8 7.7 7.6 7.5 7.4 7.3 7.2 7.1 7.0 

(kg/ha of calcium carbonate required) 

5.7 121 242 363 484 605 726 847 968 
1 

089 

1 

210 

5.6 168 336 504 672 840 
1 

008 

1 

176 

1 

344 

1 

512 

1 

680 

5.5 269 538 806 
1 

075 

1 

344 

1 

613 

1 

881 

2 

150 

2 

419 

2 

688 

5.4 386 773 1 1 1 2 2 3 3 3 

http://ecoursesonline.iasri.res.in/mod/page/view.php?id=35603
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159 546 932 318 705 091 478 864 

5.3 454 907 
1 

361 

1 

814 

2 

268 

2 

722 

3 

175 

3 

629 

4 

082 

4 

536 

5.2 521 
1 

042 

1 

562 

2 

083 

2 

064 

3 

125 

3 

646 

4 

166 

4 

687 

5 

208 

5.1 588 
1 

176 

1 

764 

2 

353 

2 

940 

3 

528 

4 

116 

4 

704 

5 

292 

5 

880 

5.0 672 
1 

344 

2 

016 

2 

688 

3 

360 

4 

032 

4 

704 

5 

376 

6 

048 

6 

720 

4.9 874 
1 

747 

2 

621 

3 

494 

4 

368 

5 

242 

6 

115 

6 

989 

7 

974 

8 

736 

4.8 896 
1 

792 

2 

688 

3 

584 

4 

480 

5 

376 

6 

272 

7 

186 

8 

064 

8 

960 

4.7 941 
1 

882 

2 

822 

3 

763 

4 

704 

5 

645 

6 

586 

7 

526 

8 

467 

9 

408 

Source: Boyd 1979 

Generally, the liming material used in ponds is calcium oxide. It is therefore necessary to 

convert the liming rate to calcium oxide value by multiplying the above rate with 0.56. 

 

P ï 3: Eradication of aquatic weeds 

Principle 

Aquatic weeds can be defined as unwanted and undesirable vegetation that grow profusely in 

waters. Based on their habitat, the aquatic weeds can be classified into floating, submerged, 

emergent, marginal, filamentous and algal blooms. The disadvantages of aquatic weeds in 

ponds include 

a. Interference in culture activities 

b. Depletion of dissolved oxygen 

c. Restrict space for movement of fish 

d. Utilize nutrients 

e. Hinder netting operation 

f. Restrict light penetration 

g. Release toxic gases 

 

Procedures 

Physical methods: 

http://ecoursesonline.iasri.res.in/mod/page/view.php?id=35601
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controlling aquatic weeds by manually (hand picking) or mechanically using various tools 

such as sickle, scythes, blades, nets, wooden rakes, cullers, haulers, cranes etc., are used to 

remove aquatic weeds. 

Chemical methods 

Different types chemicals with different dosages applied to control aquatic weeds depend on 

time season and type of infestation. Chemicals have to be sprayed over floating leaves or 

applied to pond water or soil. 

Biological methods 

Biological method of weed control is the most efficient and useful method without much 

expensive. The waste vegetative matter is recycled into proteinacious fish flesh. Various 

biological agents used are fishes, insects, snails and mammals. 

 

 

 

 

P - 4. Eradication of Predatory fishes: 

Principle: 

Predatory fish prey upon the spawn, fry and fingerlings of carps and the weed fish compete 

with carp for food, space and oxygen. Therefore predatory and weed fish should be 

completely eradicated from nursery, rearing and stocking ponds before these ponds are 

stocked. 

Procedure 

1. Initially predatory fishes present in the ponds are harvested by netting. 

2. If possible, drain the water completely and disinfect the pond bottom with suitable 

disinfectant. 

3. However, where it is not possible, the pond should be treated with fish poison at the 

rate given in the table. 

Calculation of dose 

The required quantity of poison can be calculated using the following formulae. 

For rectangular ponds: 

= Required amount of poison in kg. 

For circular ponds: 
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1. = Required amount of poison in kg 

Table 1. Recommended doses of fish poison 

Poison Dose (kg/ha/m) 

Bleaching powder 350 ï 500 

Mohua oil cake 2500 

Anhydrous ammonia 20 ï 30 

Powdered seed of Croton tiqlium 30 ï 50 

Root powder of Milletia pachycarpa 40 ï 50 

Seed powder of Milletia piecidia 40 ï 50 

Seed powder of Barrinqtonia acutanqula 150 

Seed meal of tamarind (Tamarindus indica) 1750 ï2000 

Tea seed cake (Camellia sinensis) 750 

P ï 5. Application of fertilizers  

Principle 

Fertilization schedule involving both organic and inorganic fertilizers starts 10ï15 days prior 

to stocking and is prepared on the basis of nutrient status and chemical environment of the 

pond soil and water. 

Procedure 

Fertilizer Application 

Applying fertilizer in ponds to supply the nutrients needed for plant growth is a fundamental 

part of fishpond management. Fish production per unit area can be increased as much as five-

fold by proper application of fertilizer. Fertilizers are classified into two groups: 

Techniques in Fertilizer Application 

1. Apply animal manure in heaps of 20-50 kg at several locations in the pond to prevent 

excessive absorption of dissolved oxygen during decomposition. 

2. Apply inorganic fertilizers in fishponds using the platform method. The platform is a 

table-like structure about 75 sq m positioned with its surface horizontal beneath the 

water surface. Bamboos are excellent for constructing platforms. 

3. Position the platform 15-20 cm below the water surface. Do not place this in corner, 

or in areas shielded from the wind. The platform saves approximately 20-40% of the 

required amount of fertilizer. 
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4. Put the inorganic fertilizers by placing them in gunny sacks suspended in the water to 

enable this fertilizer to dissolve gradually thus, providing a continuous supply of 

nutrients for the plankton. 

 

P - 6. Estimate the total potassium permanganate needed to disinfect a pond (pond size: 

25 ft×15 ft./ depth 6 ft.) @ 5 ppm rate.  

Ans:  

The total volume of the pond = 25×15×6 = 2250 cu. Ft. 

The water volume for 1 cu. Ft. = 28.32 litre 

Total water volume of the pond = 2250×28.32 = 63720 litre  

Total potassium permanganate needed to disinfect a pond = 63720×5 mg = 318600 mg = 318 

gram.  

Total potassium permanganate needed to disinfect a pond is 318 gram. 

P-7: Plot a bar diagram on Total Fish Seed Production, India (Lakhs Fry) 
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P ï 8. Make a bar diagram on following data of disposition of fish catch 
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Course: BFSC-102: Meteorology, Climatology and Geography 

Graphic representation of structure of atmosphere 
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Physical layering 

Compositional layering: 

The atmosphere layer closest to the earth is referred to as the troposphere. Beyond the 

troposphere are the stratosphere, the ozone layer, the mesosphere, and the thermosphere. The 

atmosphere is made up of 78% nitrogen, 21% oxygen, and smaller amounts of argon, carbon 

dioxide, helium, and neon. 

There are five layers in the structure of the atmosphere depending upon temperature. These 

layers are: 

¶ Troposphere 

¶ Stratosphere 

¶ Mesosphere 

¶ Thermosphere 

¶ Exosphere 

Troposphere 

¶ It is considered as the lowest layer of Earthôs atmosphere. 

¶ The troposphere starts at the earthôs surface and goes up from a height of 8 kms 

(poles) to 18 kms (equator). The main reason for higher height at the equator is the 

presence of hot convection currents that push the gases upward. 

¶ All kinds of weather changes occurs within this layer. 

¶ This layer has water vapor and mature particles. 

¶ Temperature decreases with increasing height of atmosphere at the rate of 1 degree 

Celsius for every 165 m of height. This is called Normal lapse rate. 

¶ Tropopause, the transitional zone, separates Troposphere and Stratosphere. 

Stratosphere 

¶ It is the second layer of the atmosphere found above the troposphere. 

¶ It extends up to a height of 50 km from the earthôs surface. 

¶ This layer is very dry as it contains little water vapour. 

¶ This layer provides some advantages for flight because it is above stormy weather and 

has steady, strong, horizontal winds. 

¶ The ozone layer is found in this layer. 
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¶ The ozone layer absorbs UV rays and safeguards earth from harmful radiation. 

¶ Stratopause separates Stratosphere and Mesosphere. 

Mesosphere 

¶ The Mesosphere is found above the stratosphere. 

¶ It is the coldest of the atmospheric layers. 

¶ The mesosphere starts at 50 km above the surface of the Earth and goes up to 80 km. 

¶ The temperature drops with altitude in this layer. 

¶ By 80 km it reaches -100 degrees Celsius. 

¶ Meteors burn up in this layer. 

¶ The upper limit is called Mesopause which separates Mesosphere and Thermosphere. 

Thermosphere 

¶ This layer is found above Mesopause from 80 to 400 km. 

¶ Radio waves that are transmitted from the earth are reflected by this layer. 

¶ The temperature starts increasing again with increasing height in this layer. 

¶ Aurora and satellites occur in this layer. 

Ionosphere 

¶ The lower Thermosphere is called the Ionosphere. 

¶ The ionosphere consists of electrically charged particles known as ions. 

¶ This layer is defined as the layer of the atmosphere of Earth that is ionized by cosmic 

and solar radiation. 

¶ It is positioned between 80 and 400 km above the Mesopause. 

Exosphere 

¶ It is the outermost layer of the atmosphere. 

¶ The zone where molecules and atoms escape into space is mentioned as the 

exosphere. 

¶ It extends from the top of the thermosphere up to 10,000 km. 
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¶   

Temperature instrument 

A thermometer (thermos: hot; matron: measure) is the universal instrument used to measure 

temperature.  

What is simple thermometer? 

A thermometer is an instrument for measuring or showing temperature (how hot or cold 

something is). 

Types of Thermometer 

Following are the different types of thermometers that we use on a daily basis: 

¶ Clinical thermometer /medical thermometer 

¶ Laboratory thermometer 

¶ Digital thermometer 

¶ Infrared ear thermometer 

¶ Mercury thermometer 

¶ Alcohol in glass thermometer 

¶ Constant pressure gas thermometer 
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¶ Constant volume thermometer 

¶ Platinum resistance thermometer 

¶ Thermocouple thermometer 

¶ Pyrometer thermometer 

 

Simple thermometer 

 A thermometer is a tool that measures temperature ð how hot or cold something is. the main 

uses of the thermometer is to measure the temperature of an object, environment and 

atmosphere. 

Use of a simple thermometer: 

Use a simple thermometer to get an approximate temperature. Simple thermometers use a 

glass tube filled with liquid to measure the temperature. As the air around the thermometer 

gets warmer, the liquid moves up the tube and can be used to measure the temperature 

closely.  

Six's maximum and minimum thermometer: 

Six's maximum and the minimum thermometer is used for measuring the day's maximum and 

minimum temperature. It was invented by Englishman James Six in 1782. 
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Construction:  

It consists of a U-shaped capillary tube with bulbs at both ends. The bend of the U-tube is 

filled with mercury. One of the bulbs is completely filled with alcohol and the other bulb is 

partly filled with alcohol. The space in the bulb partly filled with alcohol is initially a 

vacuum. The thermometric liquid is alcohol, whose expansion and contraction allow the 

change in temperature to be recorded. Just above the mercury are two dumbbell-shaped steel 

indices, which are kept in place by tiny steel springs. The two dumbbell-shaped steel indices 

are reset to their initial positions just above the mercury by means of a horse-shoe magnet. 

Working  

Maximum Temperature: 

Due to a rise in the temperature during the day, the alcohol in the completely-filled bulb 

expands and exerts a pressure on the mercury. The mercury moves toward the partly-filled 

bulb and pushes up the index in the capillary closer to the partly-filled bulb. Thus, the index 

closer to the partly-filled bulb records the maximum temperature.  

Minimum Temperature:  

Due to a fall in the temperature during the night, the alcohol in the completely-filled bulb 

contracts. The mercury moves toward the completely-filled bulb and pushes up the index in 

the capillary closer to the completely-filled bulb. Thus, the index closer to the completely-

filled bulb records the minimum temperature.  

What is humidity? 

Easily stated humidity is simply the amount of water vapour held in the air. Water vapour is 

the gaseous state of water. As the temperature of the air increases more water vapour can be 

held since the movement of molecules at higher temperatures prevents condensation from 

occurring. 

There are three main measurements of humidity: relative, absolute and specific.  

Absolute humidity (units are grams of water vapour per cubic meter volume of air) is a 

measure of the actual amount of water vapour in the air, regardless of the air's temperature. 

The higher the amount of water vapor, the higher the absolute humidity. For example, a 

http://www.edinformatics.com/math_science/states_of_matter.htm
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maximum of about 30 grams of water vapor can exist in a cubic meter volume of air with a 

temperature in the middle 80s.  

Relative humidity, expressed as a percent, is a measure of the amount of water vapor that air 

is holding compared the amount it can hold at a specific temperature. Warm air can possess 

more water vapor (moisture) than cold air, so with the same amount of absolute/specific 

humidity, air will have a higher relative humidity. A relative humidity of 50% means the air 

holds on that day (specific temperature) holds 50% of water needed for the air to be saturated. 

Saturated air has a relative humidity of 100%.  

The relative humidity of an air-water mixture is also defined as the ratio of the partial 

pressure of water vapor in the mixture to the saturated vapor pressure of water at a given 

temperature (See what is vapor pressure). Thus the relative humidity of air is a function of 

both water content and temperature. 

Specific humidity refers to the weight of water vapor contained in a unit weight (amount) of 

air (expressed as grams of water vapor per kilogram of air). Absolute and specific humidity 

are quite similar in concept. 

What is dew point? 

Dew Point is the temperature at which air is saturated with water and condensation begins. 

The higher the dew point rises, the greater the amount of moisture in the air.  

What is the relationship between Dew Point and Relative Humidity? 

Compared to relative humidity, dew point is frequently cited as a more accurate way of 

measuring the humidity and comfort of the air, since it is an absolute measurement (unlike 

relative humidity).  

The relative humidity is 100 percent when the dew point and the temperature are the same. If 

the temperature drops any further, condensation will result, and liquid water will begin to 

form. 

If the relative humidity is 100 percent (i.e., dew point temperature and actual air temperature 

are the same), this does not necessarily mean that precipitation will occur. It simply means 

that the maximum amount of moisture is in the air at the particular temperature the air is at. 

http://www.edinformatics.com/math_science/what_is_pressure.htm
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Saturation may result in fog on the ground and clouds aloft (which consist of tiny water 

droplets suspended in the air). 

While dew point gives one a quick idea of moisture content in the air, relative humidity does 

not since the humidity is relative to the air temperature. In other words, relative humidity 

cannot be determined from knowing the dew point alone, the actual air temperature must also 

be known. 

Relative humidity is also approximately the ratio of the actual to the saturation vapor 

pressure.  

RH = (Actual Vapor Pressure) / (Saturation Vapor Pressure) X 100%  

Where actual vapor pressure is a measurement of the amount of water vapor in a volume of 

air and increases as the amount of water vapor increases.  

Saturated vapor pressure is the maximum VP that can exist at any given temperature.  

Air which is at 100% relative humidity (RH) contains water vapor whose VP is its SVP at the 

given temperature. This corresponds to air which is in equilibrium with liquid water. RH is 

the ratio VP/SVP expressed as a percentage. 'Dry' air will contain water vapor with a VP 

which is less than the SVP at the given temperature. 

How is humidity measured? 

A device to measure relative humidity is called a hygrometer. The simplest hygrometer - a 

sling psychrometer - consists of two thermometers mounted together with a handle attached 

on a chain. One thermometer is ordinary. The other has a cloth wick over its bulb and is 

called a wet-bulb thermometer. 

How does a psychomotor measure relative humidity? 

A psychrometer also called a sling psychrometer has two thermometers attached. One is dry 

(often called the dry bulb thermometer) and measures the actual air temperature. The other 

called the wet bulb thermometer has a wet cloth at the tip. As water molecules evaporate from 

the surface of the wet bulb they will take heat with them lowering the reading on the 

thermometer. The rate of evaporation depends on the vapor pressure or amount of water 

vapor in the air. At 100% relative humidity no water will evaporate from the wet bulb and the 
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readings on both thermometers will be the same. Comparing the two temperatures in a chart 

will give the relative humidity. 

 

Sper Scientific Sling Psychrometer to Measure Humidity  -- Top is wet bulb -- Bottom is dry 

bulb  

For a Table of Relative Humidity, %---Difference between Readings of Wet & Dry Bulbs 

Condensation 

Condensation is the process where water vapor becomes liquid. It is the reverse 

of evaporation, where liquid water becomes a vapor. 

Condensation happens one of two ways: Either the air is cooled to its dew point or it becomes 

so saturated with water vapor that it cannot hold any more water. 

Condensation occurs when water vapour (gaseous form) in the air changes into liquid water 

when it comes in contact with a cooler surface. When the water in the air comes in contact 

with a cold surface, it condenses to form water droplets. 

Basic process of condensation 

Condensation of water happens when water changes its phase from gaseous state to liquid or 

crystal shape. At high pressure and low temperature, any gas can condense. Technically, the 

process of condensation can happen at any temperature as long as the pressure of the liquid 

state of the gas is less than the pressure of the condensing gas. The molecules in the matter 
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slow down during the process of condensation because the heat energy is taken away, which 

causes a change within the three states of matter, that is it changes the matter into the solid-

state. 

Condensation ï water cycle 

¶ Condensation is important to the water cycle as it is responsible for the formation of 

clouds. 

¶ Water vapour present in the air is responsible for the formation of clouds which 

ultimately comes down in the form of rain. 

¶ This phase change of water between solid, liquid and gas is because of the movement 

of water molecules. 

¶ In vapour form, water molecules are arranged randomly as compared to the liquid 

state. 

¶ As condensation happens, water molecules become more organized and as a result, 

heat is released into the atmosphere leading to a change of phase from the vapour 

state to the liquid state. 

¶ This generally occurs in the atmosphere when warm air rises up and cools down. 

For condensation to take place, it is very important that the atmosphere is fully saturated (to 

reach maximum vapour pressure). Usually, condensation takes place around dust particles or 

smoke or microscopic bacteria. It plays a very significant role in the water cycle and thus 

helps in maintaining the water balance in the environment. It is also used in various industrial 

processes by the scientists and engineers for separating mixtures and manufacturing pure 

substances. 

Clouds 

Clouds are classified according to their height above and appearance (texture) from the 

ground. 

The following cloud roots and translations summarize the components of this classification 

system:  

1) Cirro-: curl of hair, high.             3) Strato-: layer.                                   5) Cumulo-: heap. 

2) Alto-: mid.                                   4) Nimbo-: rain, precipitation.                                          

https://byjus.com/chemistry/three-states-of-matter/
https://byjus.com/biology/water-cycle/
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Figure from: www.jason.org/digital_library/201.aspx (defunct) 

{Refer to the chart below for examples of the various types of clouds.} 

  

High-level clouds:   

High-level clouds occur above about 20,000 feet and are given the prefix "cirro-". Due to 

cold tropospheric temperatures at these levels, the clouds primarily are  composed of ice 

crystals,  and often appear thin, streaky, and white (although a low sun angle, e.g., near 

sunset, can create an array  of color on the clouds). 

The three main types of high clouds are cirrus, cirrostratus, and cirrocumulus.  

Cirrus  clouds are wispy, feathery, and composed entirely of ice crystals. They often are the 

first sign of an approaching warm front or upper-level jet streak. 

Unlike cirrus, cirrostratus clouds form more of a widespread, veil-like layer (similar to what 

stratus clouds do in low levels).  When sunlight or moonlight passes through the hexagonal-

shaped ice crystals of cirrostratus clouds, the light is dispersed or refracted (similar to light 

passing through a prism) in such a way that a familiar ring or halo may form. As a warm front 

approaches, cirrus clouds tend to thicken into cirrostratus, which may, in turn, thicken and 

lower into altostratus, stratus, and even nimbostratus.  
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Finally, cirrocumulus clouds are layered clouds permeated with small cumuliform 

lumpiness. They also may line up in streets or rows of clouds across the sky denoting 

localized areas of ascent (cloud axes) and descent (cloud-free channels).  

Mid -level clouds: 

The bases of clouds in the middle level of the troposphere, given the prefix "alto-", appear 

between 6,500 and 20,000 feet. Depending on the altitude, time of year, and vertical 

temperature structure of the troposphere, these clouds may be composed of liquid water 

droplets, ice crystals, or a combination of the two, including super cooled droplets (i.e., liquid 

droplets whose temperatures are below freezing).  

The two main types of mid-level clouds are altostratus and altocumulus.  

Altostratus clouds are "strato"  type clouds (see below) that possess a flat and uniform type 

texture in the mid-levels. They frequently indicate the approach of a warm front and may 

thicken and lower into stratus, then nimbostratus resulting in rain or snow. 

However, altostratus clouds themselves do not produce significant precipitation at the 

surface, although sprinkles or occasionally light showers may occur from a thick alto-stratus 

deck.  

Altocumulus clouds exhibit "cumulo"  type characteristics (see below) in mid-levels, i.e., 

heap-like clouds with convective elements.  Like cirrocumulus, altocumulus may align in 

rows or streets of clouds, with cloud axes indicating localized areas of ascending, moist air, 

and clear zones between rows suggesting locally descending, drier air. Altocumulus 

clouds with some vertical extent may denote the presence of elevated instability, especially in 

the morning, which could become boundary-layer based and be released into deep convection 

during the afternoon or evening.  

Low-level clouds: 

Low-level clouds are not given a prefix, although their names are derived from "strato-" or 

"cumulo-", depending on their characteristics. Low clouds occur below 6500 feet, and 

normally consist of liquid water droplets or even super cooled droplets, except during cold 

winter storms when ice crystals (and snow) comprise much of the clouds. 

The two main types of low clouds include stratus, which develop horizontally, and cumulus, 

which develop vertically. 
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Stratus clouds are uniform and flat, producing a gray layer of cloud cover which may be 

precipitation-free or may cause periods of light precipitation or drizzle.  Low stratus decks are 

common in winter in the Ohio Valley, especially behind a storm system when cold, dismal, 

gray weather can linger for several hours or even a day or two. 

                      

                       Stratocumulus                                                    NImbostratus                         

 

Stratocumulus clouds are hybrids of layered stratus and cellular cumulus, i.e., individual 

cloud elements, characteristic of cumulo type clouds, clumped together in a continuous 

distribution, characteristic of strato type clouds. Stratocumulus also can be thought of as a 

layer of cloud clumps with thick and thin areas. These clouds appear frequently in the 

atmosphere, either ahead of or behind a frontal system. 

Nimbostratus clouds are generally thick, dense stratus or stratocumulus clouds producing 

steady rain or snow.  

In contrast to layered, horizontal stratus, cumulus clouds are more cellular (individual) in 

nature, have flat bottoms and rounded tops, and grow vertically. In fact, their name depends 

on the degree of vertical development. For instance, scattered cumulus clouds showing little 

vertical growth on an otherwise sunny day used to be termed "cumulus humilis" or "fair 

weather cumulus," although normally they simply are referred to just as cumulus or flat 

cumulus 

A cumulus cloud that exhibits significant vertical development (but is not yet a 

thunderstorm) is called cumulus congestus or towering cumulus. If enough atmospheric 

instability, moisture, and lift are present, then strong updrafts can develop in the cumulus 

cloud leading to a mature, deep cumulonimbus cloud, i.e., a thunderstorm producing heavy 

rain. In addition, cloud electrification occurs within cumulonimbus clouds due to many 
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collisions between charged water droplet, graupel (ice-water mix), and ice crystal particles, 

resulting in lightning and thunder.   

 

Precipitation 

Precipitation is any liquid or frozen water that forms in the atmosphere and falls back to the 

Earth. It comes in many forms, like rain, sleet, and snow. Along with evaporation and 

condensation, precipitation is one of the three major parts of the global water cycle. 

Classification of precipitation 

Precipitation of water vapour can be classified into different things and have different 

methods of formation and few of them are 

1. Raindrop 

When water droplets combine each other to form bigger water droplets and when water 

droplets freeze onto a crystal of ice, this process is known as coalescence. The rate of fall of 

small droplets is considered to be negligible, that is the reason behind the clouds not falling 

from the sky. 

Precipitation is only possible when those will form into larger drops by coalescence with the 

help of turbulence in which water droplets collide, producing even larger droplets. 

Eventually, the droplets descend and become heavy with coalescence and resistance and 

finally fall  as rain. 
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2. Snowflakes 

Snow crystals form when the temperature freezes the tiny cloud droplets and because water 

droplets are more in number than ice crystals, the crystals can grow in size at the expense of 

water droplets as the water vapour causes the droplets to evaporate. These droplets fall from 

the atmosphere due to their mass as snowflakes. 

3. Hail 

Like other precipitation techniques, hail forms in the storm clouds when supercooled droplets 

come in contact with dust and dirt. The stormôs updraft blows the hailstones up and lifted 

again after the updraft dissipates. 

In meteorology, any result of atmospheric water vapour condensation that comes under cloud 

gravity is precipitation. The main types of precipitation include drizzle, rain, sleet, snow, 

ice pellets, grapple, and hail. Precipitation happens when water vapour (reaching 100 

percent relative humidity) saturates a portion of the atmosphere so that the water condenses 

and óprecipitatesô or falls. Fog and mist are thus not precipitation, but colloids, since the 

vapour of water does not condense enough to precipitate. Two processes may contribute to 

air being saturated, likely working together: cooling the air or adding water vapour to the air. 

As smaller droplets coalesce through collision with other rain drops or ice crystals within a 

cloud, precipitation forms. Quick, heavy bursts of rain are called ñshowersò in scattered areas. 

Rain gauges are thought to be the most ancient weather instruments, and they're believed to 

have been used in India more than 2,000 years ago. A rain gauge is really just a cylinder that 

catches rain. If an inch collects in the cylinder, it means an inch of rain has fallen. It's that 

simple. Most standard rain gauges have a wide funnel leading into the cylinder and are 

calibrated so that one-tenth of an inch of rain measures one inch when it collects inside. The 

funnel is 10 times the cross-sectional area of the tube. Rainfall as low as .01 inches can be 

measured with this instrument. Anything under .01 inches is considered a trace.  

This standard rain gauge is shown in the following figure. 
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Rain gaugeðrainfall measurements. 

A rain gauge is an instrument that measures the amount of rainfall at a given time interval. 

In the more modern era, a common rain gauge is called the tipping bucket type. A bucket 

doesn't really tipða pair of small receiving funnels alternate in the collection of the rain. 

When one fills up with water, it tips and spills out, and the other comes into place to do the 

collecting. These little funnels tip each time rainfall amounts to .01 inches. The tip triggers a 

signal that is transmitted and recorded. 

Of course, these rain gauges have a problem when the temperature drops below freezing, so 

the standard versions are heated for the occasion. 

What about snowfall? When snow falls on these heated rain gauges, it melts, and a water 

equivalent is determined. The recorded precipitation is always expressed in terms of rainfall 

or melted snow. The snow depth doesn't countðunless, of course, you have to shovel it! 

Sometimes a foot of snow amounts to just a half-inch of water, other times it amounts to three 

inches of water. It really depends on the water equivalent of the snow, which varies widely. 

On the average, 10 inches of snow is equivalent to one inch of rain, but that's only an 

average. If a rain gauge measures one inch of water during a snowstorm, an observer can't 

automatically assume that 10 inches of snow has fallen. The snow depth can only be 

determined the old-fashioned wayðby measuring it. 
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That depth is determined by taking an average of three or more representative spots. A ruler 

is stuck into the snow, and its depth is recorded. Because of blowing and drifting, the 

determination of three or more representative locations is not always easy. You would think 

that there would be a better way, but there really isn't. 

The atmospheric pressure 

Definition 

The atmospheric pressure is the force exerted by the weight of the Earth's atmosphere, 

expressed per unit area in a given horizontal cross-section. Thus, the atmospheric pressure is 

equal to the weight of a vertical column of air above the Earth's surface, extending to the 

outer limits of the atmosphere. 

Units  

In meteorology, atmospheric pressure is reported in hectopascals (hPa). 1 hPa is equal to 100 

Pa, the pascal being the basic SI (System of International Unit) . 

 1 Pa is equal to 1 Newton per square meter (N/m2). And 1 hPa is equal to 1mb that was used 

formerly. The scales of all barometers used for meteorological purposes should be graduated 

in hPa. Some barometers are graduated in the unit inHg or mmHg. Under standard 

conditions, the pressure exerted by a pure mercury column which is 760 mm high is 1013.250 

hPa, so the conversion factors are represented as follows: 

1 hPa = 0.750062 mmHg; 1 mmHg = 1.333224 hPa. And because of the relation between 

inch and mm (1 inch = 25.4 mm), the following conversion coefficients are provided: 1 hPa = 

0.029530 inHg; 1 inHg = 33.8639 hPa; 1 mmHg = 0.03937008 inHg.  

Pressure data measured with the barometer should preferably be expressed in hectopascals 

(hPa).  

Principle of Atmospheric Pressure Measurement 

Mercury Barometer 

(1) Principle of mercury barometer 

When a one-meter long, open ended glass tube is filled with mercury and is then turned 

upside down into a container filled with mercury, part of the mercury flows out of the glass 
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tube into the container. "Torricellian vacuum" is then produced at the top of the glass tube 

and the mercury level stabilizes at approximately 76 cm from the mercury level in the 

container (See Figure 5.1). Torricelli's experiment revealed that such a height indicates the 

ambient atmospheric pressure. The principle of mercury barometer is to measure atmospheric 

pressure from precise measurement of this height.  

 

 

Figure 5.1 Torricelli's experiment Mercury Atmospheric pressure Height Torricellian vacuum 

2 (2) Structure of the Fortin barometer As shown in Figure 5.2, a mercury barometer consists 

of three main parts: the mercury cistern (right), the glass barometer tube (center) and the scale 

(left). The bottom of the mercury cistern is made of a wash-leather bag (sheepskin). The 

mercury level can be changed by rotating an adjusting screw. The barometer tube is secured 

with the wash-leather bag in the upper part of the mercury cistern in order to lead 

atmospheric pressure from the point at the bounded leather. An ivory pointer is put on the top 

of the mercury cistern, whose tip indicates 
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The above Figure shows the structure of the Fortin barometer (1) Hanger ring (2) Slot (3) 

Vernier (4) Top of the mercury column (5) Knob (6) Pin face wrench (7) Attached 

thermometer (8) Barometer tube (9) Vent wash- leather (10) Three screws (11) Ivory pointer 

(12) Glass cylinder (13) External thread wooden frame (14) Internal thread wooden frame 

(15) Wash-leather bag (16) Under cover (17) Screw bridge (18) Adjusting screw (19) 

Wooden base for leather washer (20) Metal frame (21) Brass cover (22) Mica plate.  

The zero of the scale. When the level of the mercury touches the tip, the atmospheric pressure 

is read at the top of the mercury column. The precise height of the mercury column is 

measured with the vernier. The main body has a hanger hook at its top and is used to hang the 

barometer from a latch on a hanger plate. The bottom is secured to the screw bridge through a 

vertical axis pivoting link with three screws. Both the hanger hook and the screw bridge can 

be rotated while the barometer is set on the hanger plate. This allows verticality checks at any 

time. A mica plate is wound inside the brass cylinder to prevent the direct contact between 

brass and the wash-leather bag. The plate serves as a heat insulator as well as prevents 

contamination, discoloration, and wear.  

(3) Handling precautions for mercury High-purity distilled and refined mercury is used in 

mercury barometers. When the mercury surface oxidizes, the interface between the surface 

and the ivory pointer becomes unclear. Heavily contaminated mercury surface requires 

cleaning. Since mercury is a toxic substance, it is necessary to pay attention to the following 

when handling mercury. 1) A container of mercury must be sealed tightly to prevent leakage 

and breakage. Do not put mercury into any metal containers as mercury reacts and 
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amalgamates almost all metals except for iron. 2) The floor of the room where mercury is 

stored or used in large amounts should be shielded and laid with an impervious covering. It 

must not be stored together with other chemicals, especially with ammonia or acetylene. 3) 

Mercury has a relatively low boiling point of 357 °C, and produces dangerous poisonous gas 

if on fire. It must not be stored close to a heat source. 4) Check the mercury handling room 

and personnel periodically to make sure that the amount of mercury does not exceed the 

dangerous limit. (The environmental regulation on water contamination affecting personal 

health limits the total amount of mercury to 0.0005 mg/l.) 

 (4) Correction of barometer readings The mercury barometerôs reading should be corrected 

to the one and the standard condition. Standard condition is defined as a temperature of 0 °C, 

where the density of mercury is 13.5951 g/cm3 and a gravity acceleration of 980.665 cm/s2 . 

During actual observation, the reading should be corrected for the index error, temperature 

correction, and gravity acceleration as follows:  

(a) Corrections on index error Individual mercury barometers include index errors (difference 

between the value indicated by an individual instrument and that of the standard). The index 

error is found by comparison with the standard, and the value is stated on a "comparison 

certificate".  

(b) Corrections for temperature The temperature correction means to correct a barometric 

reading, obtained at a certain temperature, to a value when mercury and graduation 

temperatures are 0 °C. The temperature of the attached thermometer is used for this purpose. 

The height of the mercury column varies with temperature, even the atmospheric pressure is 

unchanged. The graduation of the barometer is engraved so that the correct pressure is 

indicated when temperature is 0 °C. In a case that when temperature is above 0 °C, the 

graduation expands and the measured value will be smaller than the true value. This effect of 

temperature must b be corrected from these two aspects collectively. 4 Correction for the 

expansion and contraction of mercury is much larger than that for the expansion and 

contraction of the graduation. The correction value for temperature Ct is expressed as 

follows: where: H hPa is the barometric reading after the correction for index error. t °C is the 

temperature indicated by the attached thermometer. m is the volume expansion coefficient of 

mercury. l is the linear expansion coefficient of the tube. There is a small difference in 

absolute values for correction between temperatures below and above 0 °C. The values for 

correction at temperatures above 0 °C are negative and those below 0 °C are positive.  
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(c) Corrections for gravity Gravity affects the height of the mercury column. After the 

corrections for index error and temperature, the reading under the local acceleration of 

gravity has to be reduced to the one under the standard gravity acceleration. This is called 

corrections for gravity. The gravity value for correction Cg is derived by: where: g0 is the 

standard gravity acceleration. g is the gravity acceleration at an observing point. H is the 

barometric reading after the index error and temperature corrections H0 is the value already 

corrected for gravitation. The gravity acceleration used in corrections for gravity value is 

calculated to the fifth decimal place, in m/s2 . When the gravity acceleration at the observing 

point is larger than the standard gravity acceleration, the gravity value for correction is 

positive. Otherwise, the value for correction is negative. To use a barometer for regular 

observations at a particular location, a synthesis correction table that summarizes values for 

correction for index error, temperature and gravity should be used.  

Aneroid barometer 

The aneroid barometer does not use any liquid. It uses changes in shape of an evacuated 

metal box to measure variations in atmospheric pressure. It has many advantages. It is light 

and portable, does not have any liquid, can be fixed in any plane, and is calibrated to read 

pressure directly. 

Aneroid barometer mechanism: 

A metal cell which contains a small amount of air or a series of these cells combined together 

operate the aneroid barometer. When the air pressure increases, the sides of these cells come 

together quickly. The base of the instrument secures one side. 

After that, the other side joins the structure of pulleys and levers to a rotating pointer, which 

moves over a scale on the face of the instrument. This pointer is generally found in black colour. 

 

https://www.toppr.com/guides/chemistry/environmental-chemistry/different-uses-of-air/
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Moreover, the aneroid barometer comprises of a small capsule which has quite flexible sides. 

The air has been pumped out of this capsule. Therefore, whenever there is a change in the 

pressure, the thickness of this capsule changes. 

Similarly, whenever there is an increase in the pressure of the atmosphere, the sides of the 

capsule become compressed. This capsule attaches to a lever which keeps moving the needle as 

and when the air pressure keeps squeezing the capsule. 

This results in registering a higher reading on the scale. These changes are thus magnified by 

levers and are causes the pointer to move on a dial which is behind the needle. Finally, you will 

have your weather forecast on a digital read-out device. 

Uses of aneroid barometer 

When we compare the aneroid barometer to a mercury one, we see it has many benefits over it. 

In other words, it is definitely superior to it. 

The first one has to be quick and easy handling. As you know, mercury is quite poisonous, so 

there is always a risk with it. Thus, it needs special and cautious handling. However, an aneroid 

barometer does not have mercury, so one can handle it easily. 

Moreover, we can carry an aneroid barometer from one place to another easily without any 

worry of harm to the device. 

That is not the case with a mercury barometer. Similarly, an aneroid barometer is smaller and 

lighter in comparison to a mercury one, so one can transport it in a car or ship or whatever. 

Furthermore, we can easily fit it into an aircraft which will help in sustaining the variations and 

rolls of the aircraft. Whereas, a mercury barometer wonôt be able to fit in like this. 

Isobar 

Isobar is an imaginary line on a weather map of constant barometric pressure drawn on a 

given reference surface. The isobaric pattern on a constant-height surface is extremely useful 

in weather forecasting because of the close association between pressure and weather. The 

spacing of isobars indicates the pressure gradient. The close spacing of isobars express the 

high pressure gradient and wide spacing of isobar express pressure gradient. 

Wind observation and measurement:  

https://www.toppr.com/guides/physics/mechanical-properties-of-fluids/pressure-and-its-application/
https://www.toppr.com/guides/science/weather-climate-and-adaptation-of-animals-to-climate/weather/
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Wind vane- Cup anemometer Meteorological requirements Wind observations or 

measurements are required for weather monitoring and forecasting, for wind-load 

climatology, for the probability of wind damage and estimation of wind energy, and as part of 

the estimation of surface fluxes, for example, evaporation for air pollution dispersion and 

agricultural applications.  

Wind instruments  

Wind Vane: A very old, yet reliable, weather instrument for determining wind direction is the 

wind vane. Most wind vanes consist of a long arrow with a tail, which is allowed to move 

freely about a vertical post. The arrow always points into the wind and, hence, always gives 

the wind direction. Wind vanes can be made of almost any material. At airports, a cone-

shaped bag opened at both ends so that it extends horizontally as the wind blows through it 

sits near the runway. This form of wind vane, called a wind sock, enables pilots to tell the 

surface wind direction when landing. 

 

Anemometer: The instrument that measures wind speed is the anemometer. Most 

anemometers consist of three (or more) hemispherical cups (cup anemometer) mounted on a 

vertical shaft.  

The difference in wind pressure from one side of a cup to the other causes the cups to spin 

about the shaft. The rate at which they rotate is directly proportional to the speed of the wind. 

The spinning of the cups is usually translated into wind speed through a system of gears, and 

may be read from a dial or transmitted to a recorder.  
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The wind-measuring instruments described thus far are ñground-basedò and only give wind 

speed or direction at a particular fixed location. But the wind is influenced by local 

conditions, such as buildings, trees, and so on. Also, wind speed normally increases rapidly 

with height above the ground. Thus, wind instruments should be exposed to freely flowing air 

well above the roofs of buildings. In practice, unfortunately, anemometers are placed at 

various levels; the result, then, is often erratic wind observations. 

Earth  

Earth is not a perfect sphere. It is an oblate spheroid. Itôs flattened at the poles and bulges at 

the equator. The Earth is 12,756km at the equator and 12,714km from pole to pole. We round 

this up to 13,000km. 

Earth, with an average distance of 92,955,820 miles (149,597,890 km) from the sun, is the 

third planet and one of the most unique planets in the solar system. It formed around 4.5 to 

4.6 billion years ago and is the only planet known to sustain life. This is because of factors 

like its atmospheric composition and physical properties such as the presence of water over 

70.8% of the planet allow life to thrive. 

Earth is also unique however because it is the largest of the terrestrial planets (one that have a 

thin layer of rocks on the surface as opposed to those that are mostly made up of gases like 

https://www.thoughtco.com/things-you-should-know-about-earth-3072539
https://www.thoughtco.com/birth-of-the-earth-1441042
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Jupiter or Saturn) based on its mass, density, and diameter. Earth is also the fifth largest 

planet in the entire solar system. 

Earth's Size 

As the largest of the terrestrial planets, Earth has an estimated mass of 5.9736 × 1024 kg. Its 

volume is also the largest of these planets at 108.321 × 1010km3. 

In addition, Earth is the densest of the terrestrial planets as it is made up of a crust, mantle, 

and core. The Earth's crust is the thinnest of these layers while the mantle comprises 84% of 

Earth's volume and extends 1,800 miles (2,900 km) below the surface. What makes Earth the 

densest of these planets, however, is its core. It is the only terrestrial planet with a liquid outer 

core that surrounds a solid, dense inner core. Earth's average density is 5515 × 10 kg/m3. 

Mars, the smallest of the terrestrial planets by density, is only around 70% as dense as Earth. 

Earth is classified as the largest of the terrestrial planets based on its circumference and 

diameter as well. At the equator, Earth's circumference is 24,901.55 miles (40,075.16 km). It 

is slightly smaller between the North and South poles at 24,859.82 miles (40,008 km). Earth's 

diameter at the poles is 7,899.80 miles (12,713.5 km) while it is 7,926.28 miles (12,756.1 

km) at the equator. For comparison, the largest planet in Earth's solar system, Jupiter, has a 

diameter of 88,846 miles (142,984 km). 

Earth's Shape 

Earth's circumference and diameter differ because its shape is classified as an oblate spheroid 

or ellipsoid, instead of a true sphere. This means that instead of being of equal circumference 

in all areas, the poles are squished, resulting in a bulge at the equator, and thus a larger 

circumference and diameter there. 

The equatorial bulge at Earth's equator is measured at 26.5 miles (42.72 km) and is caused by 

the planet's rotation and gravity. Gravity itself causes planets and other celestial bodies to 

contract and form a sphere. This is because it pulls all the mass of an object as close to the 

center of gravity (the Earth's core in this case) as possible. 

Because Earth rotates, this sphere is distorted by the centrifugal force. This is the force that 

causes objects to move outward away from the center of gravity. Therefore, as the Earth 

https://www.thoughtco.com/the-new-solar-system-3072094
https://www.thoughtco.com/terrestrial-planets-rocky-worlds-close-to-the-sun-4125704
https://www.thoughtco.com/newtons-law-of-gravity-2698878
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rotates, centrifugal force is greatest at the equator so it causes a slight outward bulge there, 

giving that region a larger circumference and diameter. 

Local topography also plays a role in the Earth's shape, but on a global scale, its role is very 

small. The largest differences in local topography across the globe are Mount Everest, 

the highest point above sea level at 29,035 ft (8,850 m), and the Mariana Trench, the lowest 

point below sea level at 35,840 ft (10,924 m). This difference is only a matter of about 12 

miles (19 km), which is quite minor overall. If the equatorial bulge is considered, the world's 

highest point and the place that is farthest from the Earth's center is the peak of the volcano 

Chimborazo in Ecuador as it is the highest peak that is nearest the equator. Its elevation is 

20,561 ft (6,267 m). 

Geodesy 

To ensure that the Earth's size and shape are studied accurately, geodesy, a branch of science 

responsible for measuring the Earth's size and shape with surveys and mathematical 

calculations is used. 

Throughout history, geodesy was a significant branch of science as early scientists and 

philosophers attempted to determine the Earth's shape. Aristotle is the first person credited 

with trying to calculate Earth's size and was, therefore, an early geodesist. The Greek 

philosopher Eratosthenes followed and was able to estimate the Earth's circumference at 

25,000 miles, only slightly higher than today's accepted measurement. 

What is Latitude & Longitude? 

The geographic coordinate system is a spherical or ellipsoidal coordinate system for 

measuring and communicating positions directly on the Earth as latitude and longitude. 

The first person to calculate the size of the earth was Eratosthenes. He realized that Earth 

can be divided into a basic grid of lines called Longitudes and Latitudes which would help in 

pinpointing a location. 

Latitude is a geographical coordinate that specifies a point on the Earth's surface, it tells 

whether a point is either north or south. 

Latitude:  

https://www.thoughtco.com/mount-everest-overview-1435553
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Latitude is the angular distance of a point measured in degrees from the center of the earth on 

the surface of the earth. 

As the earth at the poles is slightly flattened, the linear distance at the pole of a degree of 

latitude is slightly longer than at the equator. 

For example, it is 68,704 miles at the equator (0°), 69,054 miles at 45 ° and 69,407 miles at 

the poles. The average of 69 miles (111 km) is taken. 

Note: 1 mile = 1.607 km 

Some Important Parallels of Latitudes: 

There are four important parallels of latitudes besides the equator (0°), the north pole (90° N) 

and the south pole (90° S). 

¶ Tropic of Cancer (23½° N) in the northern hemisphere 

¶ Tropic of Capricorn (23½° S) in the southern hemisphere 

¶ The arctic circle at 66½° north of the equator 

¶ The Antarctic circle at 66½° south of the equator 

Longitude: 

On all latitudes between the Tropic of Cancer and the Tropic of Capricorn, the midday sun is 

exactly overhead at least once a year. Consequently, this area receives the maximum heat and 

is called the Torrid Zone . 

On no latitude beyond the Tropic of Cancer and the Capricorn Tropic, the midday sun never 

shines overhead. 

The angle of the rays of the sun continues to decline towards the poles. As such, the areas 

bounded by the Tropic of Cancer and the Arctic circle in the northern hemisphere, and the 

Tropic of Capricorn and the Antarctic circle in the southern hemisphere, have moderate 

temperatures. These are called temperate zones. 
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Areas in the northern hemisphere between the Arctic circle and the north pole and the 

Antarctic circle and the south pole in the southern hemisphere are very cold. It's because the 

sun isn't raising much above the horizon here. These are called frigid zones. 

Longitude is an angular distance, measured in degrees along the Prime (or First) Meridian 

east or west equator. 

Longitude on the globe is shown as a series of semi-circles running through the equator from 

pole to pole. 

This is the Prime Meridian (0°) from which all other meridians move up from 180 ° east to 

west. 

They have one very important function, determining local time in relation to G.M.T. 

or Greenwich Mean Time, sometimes called World Time. 

Great circle 

The circle on the surface of a sphere which lies in a plane passing through the sphere's centre. 

As it represents the shortest distance between any two points on a sphere, a great circle of the 

earth is the preferred route taken by a ship or aircraft. 

Cylindrical equal area projection 

The cylindrical equal area projection presents the world as a rectangle while maintaining 

relative areas on a map. 

The projection was first described by the Swiss mathematician Johann H. Lambert in 1772. 

Since then, many variations appeared over the years. The projection is appropriate for large-

scale mapping of the areas near the equator and generally not recommended for small-scale 

(world) maps.  

Graticule 

Cylindrical equal area is a cylindric projection. The meridians are vertical lines, parallel to 

each other, and equally spaced. The lines of latitude are horizontal straight lines, 

perpendicular to meridians, and the same length as the equator, but their spacing decreases 

toward the poles. Both lines form a rectangular grid where each cell covers the same area size 
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on a spheroid. In this projection, the poles are represented as straight lines across the top and 

bottom of the grid, the same length as the equator. The graticule is symmetric across the 

equator and the central meridian. 

Distortion 

Cylindrical equal area is an equal-area (equivalent) projection. The scale is correct along the 

standard parallels. Shape, scale, direction, angle, and distance distortion increase with the 

distance from the standard parallels. Shapes are distorted north-south between the standard 

parallels (if the equator is not used as the standard parallel) and east-west above the standard 

parallels. The distortion values are severe near the poles and symmetric across the equator 

and the central meridian. 

PROPERTIES: 

i. It is a non-perspective projection. 

ii.  The pole is represented by an arc of circle. 

iii.  The tangential scale is true only along the standard parallel. 

iv. The tangential scale increase gradually away from the standard parallel toward the 

pole. 

v. The radial scale decreases gradually away from the standard parallel toward the pole. 

vi. Inter parallel distance gradually decrease toward pole. 

vii.  It is an equal area projection. 

viii.  It is suitable for showing the distribution of any element in the mid-latitude countries 

or region. 

 

Q1. Draw the graticules of cylindrical equal area projection for the extension of 20oW-

60oW & 40oN-40oS at an interval of 10o on a scale of 1:75,000,000 

Solve: Calculation Part 

STEP-1:  Radius of the reduced earth: 

R= 640,000,000/75,000,000cm 

   =8.53cm 

STEP-2:   Division along the equator for spacing the meridians: 
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d= (2ˊR Ĭ interval) õ 360 

   =1.49cm 

STEP-3:  Distance of the parallel from the equator=R sinⱥ 

 

 

 

LANDSCAPE 
A landscape is part of the Earthôs surface that can be viewed at one time from one place. It 

consists of the geographic features that mark, or are characteristic of, a particular area. The 

term comes from the Dutch word landschap, the name given to paintings of the countryside. 

Terminology used in landscape 

Basic terminology used in landscaping designing which is given below 

1) Avenue 

A wide road or pathway lined with trees on either side. 

2) Buffer 

The use of landscape elements to reduce or curtail view, sound or dust with plants or earth 

berms, wall etc. 

3) Canopy/Tree canopy 

The average horizontal spread of the tree, taken from dripline to dripline. 

ⱥ (N/S) R(cm) R sinⱥ(in cm) 

10 8.53 1.48 

20 8.53 2.92 

30 8.53 4.27 

40 8.53 5.48 
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4) Climber 

A woody or herbaceous plant which either clings to a wall, trellis or other structures or can be 

supported or trained as it grows. 

5) Columnar 
A slender, upright plant form. 

6) Contour 

The form of the land, existing or proposed; a part of the topography 

7) Contour Interval  

The contour line is imaginary and indicates continuous elevation above mean sea level or an 

assumed datum line. The difference in elevation or the vertical distance measured between 

consecutive contour lines. 

8) Drainage 

Drainage is the natural or artificial removal of surface and subsurface water from an area 

through use of vegetated/open channel, pipes, drain boards, chambers, etc. 

9) Egress  

10) Elevation 

A contour line or notation of relative altitude with respect to a benchmark, useful in plotting 

existing or proposed feature 

11) Erosion 

Wearing a way of soils, rocks, sediments, etc, by gradual action of natural processes (such as 

water, wind and glacier). 

12) Exotic- A plant that is not native to the area in which it is planted. 

13) Fence - A barrier of plant or construction material used to define the boundary of an area 

and to restrict visual and/or physical access. 

14) Foliage- The collective leaves of a plant or plants. 

15) Geogrid- A deformed or non-deformed netlike polymeric material used with foundation, 

soil, rock, earth, or any other geotechnical engineering related material as an integral part of 

the human made project structure or system. 

16) Geotextiles - are permeable fabrics which, when used in association with soil, have the 

ability to separate, filter, reinforce, protect, or drain. 

16) Geo-Textile- Any permeable textile or fabric (natural or synthetic) used to retain or 

protect soil and filter and drain water as an integral part of project, structure or system such as 

terrace garden, etc. 

17) Girth of Tree- Girth is a measurement of the circumference of the trunk of a tree, 

measured perpendicular to the axis of the trunk. It is measured at breast height (1.4 m above 

ground level). 

18) Grade- The slope or lay of the land as indicated by a related series of elevations.  

19) Natural Grade- Grade consisting of contours of unmodified natural landform. 

20) Finished Grade- Grade accomplished after landscape features are installed and 

completed as shown on plan as proposed contours or spot levels. 

21) Gradient- The degree of slope of a pipe invert or road or land surface. 

22) Grading- The gradient is a measure of the slope height as related to the length. 

23) Grasses- The slope is expressed in terms of percentage or ratio. The cutting and/or filling 

of earth to establish finished contours. Plants that characteristically have joint stems, sheaths 

and narrow blades (leaves). 

24) Grass Paver- Grass paver is a permeable structural grid cellular system (concrete, HDPE 

or any other polymer) for containing and stabilizing gravel or turf. 



 

53 

 

25) Green Roof- A roof surface of a building that is partially or completely covered with a 

growing medium and vegetation. Green roofs can be deep (intensive) or shallow (extensive). 

26) Green Walls- A supporting structure completely or partially covered with vegetation 

which is grown with soil or growing medium. It can be either free standing or part of a 

structure. They include climbing plants such as vines that grow directly on the wall, or walls 

that comprise of modular panels, containers and an integrated irrigation system. 

27) Ground Cover- The planting material that forms a carpet of low height. 

28) Hard Landscape- Civil work component of landscape development such as pavements, 

walkways, roads, retaining walls, sculptures, street amenities, fountains and other elements of 

the built environment. 

29) Hardy Plant- Plants that can withstand harsh temperature variations, harsh wind, 

pollution, dust, extreme soil conditions, and can tolerate either drought or flooding 

30) Heat Island Effect- A phenomenon in which air and surface temperature of an area are 

higher than nearby areas due to the replacement of natural land cover with pavement, 

building, and other infrastructure. 

31) Hedge- Shrubs or trees (usually of the same species) planted closely together in a linear 

configuration. A hedge may be pruned to shape or allowed to grow to assume its natural 

shape. 

32) Herb- A plant with a non-woody or fleshy structure. Certain herbs are highly useful for 

cooking or of high medicinal value. 

33) Ingress- A way in, or entrance. 

34) Invert- The lowest inside point of a pipe, culvert, or channel. 

35) Irrigation - A concrete or stone or similar hard edging along a pathway, or along a road, 

often constructed with a channel to guide the flow of stormwater. 

36) Kerb- A local atmospheric zone where the climate (temperature, humidity, wind, etc) 

differs from the surrounding areas. 

37) Microclimate- The term may refer to areas as small as a few square metres or as large as 

many square kilometres. 

38) Mound- A small hill or bank of earth, developed as a characteristic feature in 

landscape.The artificial application of water, to assist in growing and maintenance of plants. 

39) Mulching- A practice of using a protective covering, usually of organic matter such as 

leaves, straw, placed around plants to retain moisture, improve soil conditions and prevent the 

growth of weeds. 

40) Permeable Paving-  

Paving surfaces that reduce runoff by allowing rainwater to soak through the surface into the 

underlying sub-base where the water is stored temporarily before allowing it to seep into the 

ground or flow to the drains. 
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41) Plants- The living beings consisting of trees, shrubs, herbs, grasses, ferns, mosses, etc, 

typically growing in a permanent site, absorbing water and inorganic substances through their 

roots, and synthesizing nutrients in their leaves through the process of photosynthesis. 

42) Endemic Plant- The plant which is found only in one geographic location on earth. The 

species of plant which is not native to a specific location (an introduced species) and has a 

tendency to spread to a degree believed to cause damage to the environment. 

43) Invasive Plant- 

44) Native Plant- A plant indigenous to a particular locale. 

45) Naturalised Plant- A plant that is established as a part of the flora of a locale other than 

its place of origin. 

46) Screen- A vegetative or constructed hedge or fence used to block wind, undesirable 

views, noise, glare and the like, as part of in landscape design; also known as ñscreen 

plantingò and ñbuffer plantationò. 

47) Sediment- The product of erosion processes; the solid material, both mineral and 

organic, that is in suspension, is being transported or has been moved from its site of origin 

by air, water, gravity or ice. 

48) Shelterbelt- Shelterbelt is usually made up of one or more rows of trees or shrubs planted 

in such a manner so as to provide shelter from wind, and protect soil. 

49) Shrub- A woody plant of low to medium height, deciduous or evergreen, generally 

having many stems. 

50) Soft Landscape- The natural elements in landscape design, such as plant materials and 

the soil itself. 

 

ANALYTICAL INSTRUMENTS  

 

Analytical instruments are devices which are used to measure the physical or 

chemical properties of assayed substance.  

Basic concepts in Instrumental analysis 

Colorimetry  

In colorimetry, colour reactions using appropriate reagents are made use of to measure 

concentration of a substance. Higher the concentration of the substance being determined, 

greater is the intensity of the colour. The intensity of colour is measured using an instrument 

called photoelectric colorimeter. 
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  Colorimeter deals with the determination of concentration of the substance in solution by 

measurement of the relative absorption transmittance of light with respect to a known 

concentration of the substance. 

About the instrument 

The photoelectric colorimeter is an instrument which helps to determine the extent of 

absorption of light of particular wavelength through a coloured solution. It consists of 

1) A light source 

2) Collimating lens 

3) Filter to isolate the required band of wavelength 

4) Sample holder/cuvette 

5) Photoelectric cell ï It convert light energy into electric energy 

6) Colorimeter ï measures the current output 

Operations 

1) See that a proper filter is in position 

2) Check whether the galvanometer needle is on central line of galvanometer scale. If 

not bring it to null position by adjusting the mechanical zero adjustment knob 

located on top of the instrument (without switching on the instrument) 

3) Switch on the instrument (main lamp) and allow it to warm up for 30 minutes  

(after filling with blank or distilled water) in the holder.  Clear the outside with 

tissue paper and place it in a sample holder. 

4) Place the potentiometer needle at zero reading of the scale & see that 

galvanometer arresting switch (side switch) is in ON position 

5) Adjust the reference knob (which adjust the slit across the reference beam) till the 

deflected needle is brought to null position 

6) Switch off the galvanometer side switch remove the cuvette with reagent blank, 

clean it with distilled water & fill it (appr. 5 ml) with  standard solution, wipe the 

outer surface & place it in the instrument 

7) The galvanometer side switch is ON & needle of galvanometer deflects from 

central line to right 

8) Rotate the potentiometer knob (located in front of the instrument) anticlockwise 

until the deflected needle is brought back to central line / null position of the 
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galvanometer. Note down the reading Switch OFF the galvanometer side switch & 

potentiometer knob is brought back to zero position. 

9) Take further readings of  all standards using above steps 

10) When all the readings are over, clean the sample folder & fill it with distilled 

water.  Before it is inserted, switch OFF the main lamp 

11) Plot the readings in a graph paper & connect the points by a straight line (standard 

curve) 

12) Find out concentration of sample from the standard curve 

 

Flame Photometry 

 Flame Photometry makes use of the characteristic radiation given out by different 

elements when their atoms are excited in a flame.  When a fine atomized spray of a solution 

of a compound containing the element is introduced into the flame atoms of elements absorbs 

thermal energy from the flame & get excited. As a result extra nuclear electrons are raised to 

higher energy level, as they fall back to original lower energy level energy initially absorbed 

given off in the form of radiation of discrete wavelength. The amount of radiation given out 

in this manner will be proportional to the conc. of atoms in the flame. When all other things 

will be equal the concentration of atoms in the flame will depend upon the conc. of elements 

in the solution. 

 In flame Photometry the characteristic radiation is isolated using a filter & intensity of 

isolated radiation is measured by a suitable mechanism such as photoelectric cell & 

galvanometer. 

Essential parts of a Flame Photometer  

1) Pressure regulator for the fuel, gas & air 

2) Atomizer:- Aspirates the solution & atomize it in the form of mist 

3) Burner:- Produce desired flame in which atoms are excited 

4) The optical system:- Collects light energy, renders it monochromatic by a filter or 

monochromator 

5) Photosensitive detectors:- usually a barrier layer cell converts light energy into 

electrical energy 

6) Galvanometer:- Measure electric output 
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7) The fuel gas ordinary LPG gas ï air combination can excite only elements like Li, 

Na, and K while Ca, Mg requires higher flame temperature (3000oC) for 

excitation and hence acetylene air combination is required. 

 

Operating Flame photometer 

1) Switch ON the instrument, warm up to 30 minutes 

2) Insert proper filter 

3) Start air compressor & adjust flow rate (0.6 kg.cm2) 

4) Place beaker containing distilled water for aspiration 

5) Open gas cylinder & adjust gas / flow regulator, light the burner 

6) Adjust the regulator to obtain a non luminous  flame with maximum blue cone  

7) Aspirate the blank or distilled water 

8) Adjust set zero knob of galvanometer to read zero 

9) The most conc. standard is aspired first & reading is adjusted to 100 using sensitivity 

knob 

10) Several standards of lower concentration are introduced & reading noted 

11) Aspire the blank or distilled water, aspire the unknown solution and note down the 

reading. 

The conc. of unknown solution is calculated from the standard curve prepared 

with reading on x ï axis & conc. on y ï axis. Critically the curve should be straight line. At 

the end of determination the following steps are taken to switch OFF flame potentiometer. 

1. After aspiring all the samples turn OFF gas supply 

2. Switch OFF galvanometer 

3. Run distilled water & allow to flush out the atomizer & burner for sometimes 

4. Remove the distilled water & allow only compressed air to flow 

5. Switch OFF the compressor after 5 min to cool the instrument 

 

pH meter 

 The pH meter is actually a voltmeter which measures the potential difference b/w 2 

electrode system which share a common electrolyte. The pH meter has 2 electrodes. One is 
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the reference electrode with a constant reproducible potential and a measuring electrode 

which develops a potential depending upon H+ ions conc. of solution or suspension. 

 

Parts 

1) Temperature compensator knob:- Set it to temperature of solution / suspension 

2)  Selection switch:- It has a pH knob with 0 ï 14 milli volt range with values on stand 

by or zero position 

3) Standardised knob or set buffer knob:- Used to caliberate pH meter with the buffer 

4) Meter is groduated in pH unit & milli volt & needle moves over a mirrored centre 

5) Electrode assembly:- Separate reference & glass electrode or a combined form of 

electrode assembly 

 

Operating a pH meter 

1. Switch ON the instrument to warm up for about 30 min in the stand by position 

2. Lift electrode from distilled water, wash it with distilled water & wipe it with dry 

tissue paper 

3. Set temperature compensation knob about to the temp. of solution 

4. Take approximately 30 ml buffer (pH4) into a 50 ml beaker & introduce electrode 

5. Turn the function knob to pH mode to read the pH if necessary. Adjust the needles 

using the set buffer (srandardise) knob to exact pH. 

6. Being back the selector switch to stand by mode, lift electrode and wash it with 

distilled water, wipe it dry. 

7. Take 30 ml buffer pH 9.2 in the 50 ml beaker, introduce the electrode into it & turn 

the function knob to pH mode. The meter should read a pH of 9.2 (double buffer 

mode). If not the instrument / electrode / buffer is faulty 

8. Put selector switch to stand by position, lift electrode, wash,  & wipe dry it 

9. Take unknown solution / suspension. Introduce electrode into it turn the function 

knob to pH mode & note the reading 

10. Turn the function knob to stand by position, lift the electrode wash with distilled 

water dry & insert it back in distilled water. Switch OFF the instrument 
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Conductivity Bridge  

 The electrical conductivity bridge consists of AC source Wheastone bridge, or 

conductivity cell and a null indicating device. 

 

Operation 

1) ON / OFF switch 

2) Resistance / conductance bridge 

3) Bridge source selector 

4) Range switch 

5) Temperature compensator knob 

6) Potentiometer deal knob 

7) Null indicator / magic eye 

 

Operating Conductivity Bridge 

1. Switch ON the instrument to warm up for about 10 minutes 

2. keep the sensitivity control at or near the minimum 

3. Adjust the temperature compensator knob to the temperature of the solution 

4. Clean the conductivity cell with distilled water 

5. take the sample solution in a beaker, introduce cell into it 

6. Balance the bridge by rotating potentiometer deal knob balance point is indicated by 

widest shadow of magic eye. 

7. Note down the reading & multiply with cell constant specific for each conductivity 

cell to get specific conductance. 

 

 COLLECTION OF SOIL SAMPLES FROM THE FIELD & PREPARATION FOR 

ANALYSIS  

The analysis can be no better than the sample. Soil being heterogeneous in nature, it is 

important to device a satisfactory method of sampling to get a uniform sample. There is a 

considerable opportunity for sampling error and hence it is essential that the field be sampled 
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correctly. For efficient evaluation of soil fertility, a representative soil sample of the area is 

the most important aspect. 

For routine soil fertility testing, first go around the field to be sampled. Variation in slope, 

colour, texture, management and cropping pattern should be recorded. The demarcate the 

field according to uniform areas. 

Use proper sampling tools. Satisfactory samples can be taken with a soil tube, auger, spade, 

trowel, pick-axe etc. Locate different spots of sampling in a zig-zag manner in the field. In 

each spot scrap away surface litter, then take a core sample from the surface to plough depth. 

Likewise collect from the 10 ï 20 spots in the field. Depending upon the area, where crop 

have been planted in lines or rows sampling should be done in b/w the lines. Do not sample 

unusual areas. Avoid areas recently fertilized, old bunds mainly marshy spot, near trees, 

compost heap pr other non-representative locations. Take a uniform slice sample from each 

spot. If a spade is used, dig a óVô shaped hole then cut a uniformly thick (2cm) soil from 

bottom to top of the exposed soil face. Collect the sample on the blade of the spade or in the 

hand and place it in a clean bucket. Collect all the spot sample from field in to the same 

bucket. Pour the spot sample from the bucket into a piece of clean paper or cloth in shade & 

mix thoroughly. Collect the representative  composite sample by quartering method. To 

quarter the sample mix well, divide into 4 equal parts & reject the 2 opposite quarter samples. 

Mix the remaining 2 portions and repeat the procedure as many times as necessary to arrive at 

the desired size of  sample. If the sample is wet or moist, dry it in shade or in place without 

direct sunlight. Put into a clean sample container. Fill up the sample information or case 

history sheet of the sample completely and put inside the sample bag and label neatly. Pencil 

or ball point pen may be used for labeling. Avoid all the possible contaminations of the 

samples during sampling. Mixing and packing till the sample reaches to the lab for analysis.  

For sampling from soil profile  

Sampling from soil profile which is a vertical section of the soil from the surface down to the 

parent rock is usually done for physico-chemical and mineralogical analysis which is of 

importance in soil. Genesis, morphology and classification,  studies on soil fertility, samples 

are drawn on horizontal basis. This can be distinguished by colour, texture & structure. In the 

absence of such horizon differentiation, samples are to be collected at uniform depth. Dig the 

profile pit in such a way that there is maximum sunshine on one end at the time of sampling. 

Before sampling, clear away all the litter and plant materials from the surface, but donôt 
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remove grass roots or organic matter embedded in the horizon. Place each horizon wise 

samples together with a slip of paper for identifying the sample in the numbered bag for 

transport to the laboratory. Designate different soil horizons as A0, A1, A2, B, B1, B2, B3 etc 

with other features as well. Detailed field observations may be recorded in soil profile study 

proforma. For soil survey works, a soil type sample is only required ie a sample taken from a 

particular spot is typical of the surrounding area. This area may be large or small and its 

boundaries are determined by putting down test boxes at intervals. These boundaries are then 

drawn on a map. For this kind of soil survey work, about 2 kg sample is required for detailed 

analysis. 

Depending upon the purpose for which sampling is done, the depth of sampling, time of 

sampling, frequency of sampling and intensity of sampling are varying as follows. 

Depth of sampling 

For field crops samples are to be taken to the depth of tillage which can vary from 10 ï 30 

cm. To study the fertility status of soil for pasture crops, a 10 cm depth is normally sufficient. 

For deep rooted crops like sugarcane, horticulture crops or under dry farming conditions, 

samples at different depths are to be taken based on situations. For immobile nutrients like P, 

K, Ca and Mg, samples to tillage depth will give satisfactory results. For mobile nutrients like 

nitrates and sulphates, samples should be taken upto a depth of 60 cm. In saline and alkali 

soil salt crusts on soil surface should be sampled and depth of sampling to be recorded. The 

samples of lower depth are more important than those of surface sample. Similarly for the site 

of garden, the subsoil samples are more important than surface soil. For reclamation purpose 

dig a pit of 3 feet depth in problematic area. Make one side of the pit vertical and mark on it 

at 15 cm, 30 cm and 60 cm from the surface. Collect 1 kg each of the soil from these layers 

separately. For garden plantation, sampling should be done from different layers of pit of 

about 2 m depth. Generally for giving discriminatory fertilizer recommendations samples are 

collected at 0 ï 30 cm depth for annuals and 30 ï 60 cm for biennial and perennials. In some 

cases even from 3 depths are collected especially for the tree crops. 

Time of sampling 

Under intensive cultivation, sampling should be done every year at same time. If one crop per 

year is raised sampling once in 3 years is sufficient. However, when the crops shows and 

deficiency symptoms, it is better to collect samples more frequently and analyze the required 
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element. In coarse textured soil. For preparation of soil, frequent testing is necessary fertility 

index / map of village or block level, sampling once in 5 years is more efficient. 

Intensity of Sampling 

If a field from which sampling is done appreciably uniform in all respects only that field can 

be treated on a single sampling unit. But normally such soils are more heterogeneous in 

nature and hence intensity of sampling is decided principally by the objective of sampling, 

nature of soil, time available and other conditions for plantation crops like rubber, coffee, 

cardamom etc, intensity of sampling is recommended at one composite sample for every 20 

ha. For annual crops, take a representative sample for every 2.5 ha. based on the conditions. 

For the purpose of preparing soil fertility index map, the intensity of sampling is done at one 

representative sample for every 10 ha. 

Preparation of soil sample for analysis 

The soil sample received at the laboratory is registered in lab registers with all case history in 

field. It is air dried in shade again and spread on a sheet of paper after breaking large lumps if 

present with a wooden mallet in such a way that the aggregate particles are broken down to 

ultimate soil particles. Soil thus prepared is sieved through sieve with round holes, the 

material on the sieve is again ground and sieved till all the aggregates are fine enough to pass 

through and stones and organic residues/remain on the sieve. Mix well the fine soil got by 

sieving and store in suitable containers with label on outside and one inside. 

Subsampling for analysis 

The soil in the container is emptied in a clean thick sheet of paper and evenly spread with a 

sampling knife. It is heaped into a cone by raising four ends of the paper. This is again mixed 

well and evenly spread on paper as before. This process is repeated 3 or 4 times to ensure 

uniformity of the sample and finally spread evenly on paper again. Now it is divided into 4 

equal quarters and small quantity of soil is taken from various points in each quarter to get 

representative sample for analysis.  
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(4) DETERMINATION OF PH IN THE GIVEN SOIL SAMPLE  

I. Soil pH 

Principle 

The pH of 1:2.5 soil water suspension is estimated using a pH meter. It is a measure of 

hydrogen ion activity of soil water system and indicate whether the soil is acidic, neutral or 

alkaline in reaction. 

Reagents 

Standard buffer solution:- prepare buffer solution of pH 4, 7,  9.2 using commercially 

available tablets ie (buffer tablets). Dissolve the respective tablets in  freshly prepared 

distilled water and make up the volume to 100 ml. It is necessary to prepare fresh buffer 

solution after every few days as these  solution donôt keep for long. 

Procedure 

Calibrate the pH index using buffer solutions. The pH of the soil determined in 1:2.5 soil 

water suspension. Take 10g soil sample in a 50 ml beaker. Add 25 ml of distilled water, stir 

intermittently for 30 min. Stir well and again and take the reading using pH meter. 

 DETERMINATION OF ELECTRICLA CONDUCTIVITY IN THE GIVEN SOIL 

SAMPLE 

Electrical Conductivity  

Principle  

Electrical conductivity in soil water system is a measure of concentration of soluble salts and 

extent of salinity in the soil and is measured by using a conductivity meter. 

Reagents 

0.01 N KCl solution:- Dry a small quantity of AR grade KCl at 600C for 2 hrs in a hot air 

oven, Weigh 0.7456 g of it and dissolve in freshly prepared distilled water and make it to 1L. 

This solution gives an electrical conductivity of 1.41 dSm-1 at 25oC. 

Procedure  
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The clear supernatant of 1:2.5 soil ï water suspension prepared for pH measurement can be 

used for estimation of electrical conductivity. Calibrate the conductivity meter using 0.01N 

KCl solution prepared & determine the cell constant. Determine conductivity of the 

supernatant liquid. 

DETERMINATION OF AVAILABLE NITROGEN IN SOIL  (Subbia and Asija, 1956)  

Alkaline Permanganate method 

  The available nutrients are termed as the portion of the plant nutrients 

accessible for the plant for its growth & function which are shown by the plants from the soil 

reserve through various mechanisms. The calibration of soil test data with crop responses 

obtained from the field experiments is used for the establishment of specific procedure for 

specific nutrient. 

Principle 

The amount of soil nitrogen released by alkaline permanganate solution is estimated by 

distillation with sodium hydroxide. The distillate is collected in boric acid and containing 

mixed indicator and titrate against standard acid ï H2SO4. The nitrogen so estimated is 

designated as available nitrogen which is correlated with crop response to nitrogen 

fertilization. 

Procedure 

Weigh 20g of the soil and transfer to a distillation flask. Add 20 ml of distilled water and 1 

ml of liquid paraffin or 1 g of paraffin wax to control frothing. Put a few glass beads to 

prevent bumping and then add 100 ml of 0.32% potassium permanganate solution and 100 ml 

of 2.5% NaOH solution. Distill the contents in a steady rate collecting the librated ammonia 

in 100 ml conical flask containing 20 ml of 2% boric acid with mixed indicator (0.5 g of 

bromocresol green, 0.1 g of methyl red in 100 ml of ethyl alcohol). Continue distillation for 

about half an hour or until 100 ml of distillate is collected in the beaker. Titrate the ammonia 

collected against N / 50 sulphuric acid. From the titre value, calculate the available nitrogen 

content in the soil. 

Calculation 

1 ml of N/50 H2SO4  = 0.0028 g of Nitrogen 



 

65 

 

N Kg ha-1 = TV x 0.0028 x1000 x 2.24 x 106 

                     1000x20 

Rating of soil  

Upto 280 Kg ha-1 - Low status  

280  to 560 Kg ha-1 - Medium 

> 560 Kg ha-1 - High 

  

 DETERMINATION OF AVAILABLE PHOSPHORUS IN SOIL  

Determination of plant available P in soil has 2 distinct phases. First the extraction of plant 

available pool of P present in soil and second, the quantitative determination of the P in the 

extract. The choice of the colorimetric method for determining P depends on the P conc. in 

the solution, the conc. of interfering substance in the solution to be analyzed and the 

particular acid system involved in the analytical procedure. The Molybdenum blue method is 

the most sensitive & widely used one for soil extracts containing small amount of P. 

Principle 

In an acid molybdate solution, the orthophosphate ions get precipitated as phosphomolybdate 

complex forms that can be reduced by ascorbic acid, stannous chloride and other reducing 

agents. This reduced phosphomolybdate has blue colour. The intensity of the blue colour 

varies with P concentration but is affected also by other factors such as acidity, arsenates, 

silicates and substances that influence oxidation ï reduction conditions of the system. 

As the available pool of P varies depending on the pH of the soil, reagents used for extraction 

of this pool also are different. 

Available P in acidic soils 

Available P is commonly extracted using Bray No. 1 (Bray and Kurtz, 1945) which consists 

of 0.03  NH4F and 0.025 HCl. The combination of HCL and  NH4F is designed to remove 

easy acid soluble P forms and largely Calcium Phosphate and a portion of the  Fe and Al 

phosphates. The  NH4F dissolves Fe and Al phosphates by its complex ion formation with 

these metal ions in acid solution.  
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Reagents 

1) Ammonium Fluoride (NH4F), 1N:- Dissolve 37g of NH4F in dissolved water and 

dilute the solution to 1L. Store the solution in polyethylene bottle.  

2) Hydrochloric acid, 0.5N:- Dilute 20.2ml of conc. HCl to a volume of 500 ml of 

distilled water. 

3) Bray No.1:- Add 15ml of 1N NH4F and 25ml of 0.5N HCl to 460ml of distilled water. 

Keep in glass for more than 1 year. 

4) Ammonium paramolybdate:- Dissolve 12g of ammonium paramolybdate in 250ml of 

distilled water. Dissolve 0.2908g of potassium antimony tartarate in 100 ml of 

distilled water. Add these dissolved reagents to 1L of 5N sulphuric acid H2SO4 

(141ml of conc. H2SO4 diluted to 1L). Mix thoroughly and dilute with distilled water 

to 2L. Store in a pyrex glass bottle in a dark & cool compartment (Reagent A). 

5) Ascorbic acid:- Dissolve 1.056g of ascorbic acid in 200ml of Reagent A & mix. This 

ascorbic acid (Reagent B) should be prepared as required because it does not keep for 

more than 24 hour. 

6) Standard Phosphate solution:- Dissolve 0.4393g of ovendry AR grade KH2PO4 

(Potassium dihydrous Phosphate) in distilled water and dilute the solution to 1L. 1ml 

of this solution contains 100 µg of P. From this solution, prepare a 2nd  standard of 2 

µg 1ml by pipetting out 2ml and diluting to 100ml with distilled water. 

 

Procedure 

Extraction  

  Weigh out 5g of soil to a 100ml conical flask & add 50ml of Bray No 1 

reagent and shake for exactly 5 mins. Filter through What man No. 42 filter paper. To avoid 

interference of fluoride, 7.5ml of 0.8M boric acid (50g of H3BO3 per liter) can be added to 

5ml of the extract if necessary. Estimate óPô in the extract by ascorbic acid method. 

(Watenabae and Olsen 1965). 

Estimation by reduced  molybdate blue colour method 

  Pipette out 5ml of the extract into a 25ml volumetric flask and dilute it to 

approximately 20 ml. Add 4ml of reagent B. Makeup the volume with distilled water and 

shake the contents well. Read the intensity of colour after 10 min at 660 nm. The colour is 
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stable for 24 hours and maximum intensity develops within 10 min. The conc. of P in the 

samples is computed from the standard curve. 

Preparation of standard curve 

  Prepare different concentrations of P taking 1, 2, 3, 4, 5 & 10ml of 2µg/ml  P 

solution in 25ml volumetric flask. Add 25ml of the extracting reagent (Bray No.1) and 

develop colour as described above by adding reagents B & plot the concentration Vs 

absorbance curve on a graph paper. 

Calculation 

Weight of soil taken = W g 

Volume of extractant added = 50ml 

Volume of extract taken for color development=5ml 

Volume made up = 25ml 

Available P (mg/kg soil) = Microgram P per mI1 of the aliquot x 50 x  25 

                      5     5 

Available P (mg/kg soil) = Absorbance for sample   x 50 

  Slope of std. curve 

Available P (kg/ha soil) = Available P  (mg/kg soil)  x 2.24 

 

 ESTIMATION OF AVAILABLE POTASSIUM IN SOIL  

A relatively small portion of total K in soil is exchangeable (approx. 1%). Exchangeable K 

generally ranges from < 100 to 200 ɛg ml-1 or more when compared with total K values 

which is in the order of 1.2%. Water soluble K seldom exceeds a few parts  per million 

except in case of certain saline soils.  

Exchangeable plus water soluble K contributes to the plant available pool of K in the soil. 

Hence most soil test procedures to estimate plant available K involves extractants that replace 

a significant portion of exchangeable K. In highly weathered soil or soils where parent 

materials contain little K bearing minerals, the exchangeable K can be depleted by K removal 

and is replenished by fertilizer application or return by K from plant residue. 
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Principle 

By definition, exchangeable K is that which is free to exchange with cations of salt solution 

added to soils. But the quantity exchanged from the soil depends on the nature of replacing 

solution. Hence with the reference to fertility evaluation exchangeable K is defined more 

specifically as that which is extracted with neutral 1N ammonium acetate minus the water 

soluble K. In normal soils as the water soluble K is so small there is no appreciable error even 

it is included and the water soluble K plus exchangeable K represents the available pool. The 

removal of water soluble K before extraction with ammonium acetate is not recommended 

because as the salt content of soil solution is decreased, the adsorption of divalent cations in 

solution increases. 

Reagents 

1. Neutral 1Normal  ammonium acetate solution (CH3COONH4):- Dissolve 77.08g of 

ammonium acetate in distilled water & make up to  1L. Adjust the pH if necessary to 7 

with acetic acid or NH4OH. 

2. Standard K solution:- Dissolve 1.908g of dried KCl AR grade in distilled water & make 

up to 1L so as to get 1000ɛg/ml K solution 

Procedure 

Extraction  

Shake 5g of soil with 25ml of neutral normal ammonium acetate for 5 minutes and filter 

immediately through a dry What man No. 42 filter paper. First few ml of the filtrate my be 

discarded. K concentration in the extract is determined using flame photometer after 

necessary settings and calibration of the instrument. 

Standard curve for potassium 

Dilute measured aliquots from the standard solution using ammonium acetate solution to 

given conc. of 5 ï 20 ɛg/ml of K. After attaching appropriate filter and adjusting the gas and 

air pressure set reading in the flame photometer as zero for the blank (NH4COOCH3- 

Ammonium acetate) and at 100 for 20ɛg/ml K. Fluctuation in gas and air pressure doesnôt 

allow steady reading in the meter & must be taken care of. 

Calculation 
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Available K(mg/kg soil) = x/5 x 25/5  

Where x = flame photometer reading  

Available K (kgha-1 soil) = Available K (mg/kg soil) x 2.24 

 

 DETERMINATION OF AVAILABLE SULPHUR IN SOIL BY CALCIUM 

CHLORIDE EXTRACTION  

Principle 

Different reagents have been prepared for extracting plant available sulphur from soil. This 

includes water, salt solution such as 0.15% Cacl2. 500 ppm óPô as CaH2(PO4)or KH2PO4 and 

acidic solutions such as 0.5N ammonium acetate + 0.25 N aceticacid and Bray No. 1. 

Generally PO4
2-solutions extract more sulphate- sulphur from soil than that can be extracted 

with H2O or salt solutions because phosphate ions displaces the absorbed SO4
2-which is 

known to be readily available in plant. 

Reagents 

1. 0.15% CaCl2 solution:- Dissolve 1.5g of CaCl2 in about  500ml distilled water 

& make up the volume to 1 litre. 

2. Gum acacia solution:- Dissolve 0.25g of chemically pure gum acacia  in hot 

water and filter the solution through Whatman No. 42 filter paper.  

3. Then cool the filtrate and dilute to 100ml. 

4. Barium Chloride (BaCl2):- Grind analytical grade BaCl2 to pass through 1mm 

sieve. 

5. Concentrated standard sulphate solution (100mg S/l):-Dissolve 0.5434 g oven 

dried AR K2SO4 in distilled water & make up to 1 liter.  

Procedure 

Extraction by TATABAI, 1982  

Shake 10g of air dried processed soil with 50 ml 0.15% CaCl2 solution in 250 ml conical 

flask for 30 minutes. Filter the extract through Whatman No. 42 filter paper and estimate the 

SO4
2- content by turbidimetric procedure. 

Preparation of standard curve 
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1. Pipette out 0, 0.25, 0.5, 0.75, 1.0, 1.25, 1.50, 2.5ml of standard sulphate solution 

in separate 25 ml volumetric flask and add 10 ml of extracting solution (0.15% 

CaCl2) Prepare fresh standard each time when a batch of sample is analyzed.   

2. Add 1g of BaCl2 crystal to each flask & swirl to dissolve 

3. Add 1ml of 0.25% gum acacia solution & then make up to 25ml with distilled 

water and shake well 

4. Within 5 ï 30 minutes of development of turbidity, read the absorbance in 

spectrophotometer at 440 nm 

5. Draw the standard curve with absorbance in Y axis & concentration on X axis 

Turbidimetric estimation of sulphur by Massoumi and Cornfield, 1963 

1. Pipette out 10 ml of soil extract into 25ml volumetric flask 

2. Add 1g of  BaCl2 crystal and swirl to dissolve 

3. Add 1ml of 0.25gum acacia solution, make up the volume with distilled water and 

shake well 

4. Within 5 ï 30 minutes of development of turbidity read absorbance at 440nm on a 

spectrophotometer. 

Calculation 

Weight of soil taken  = 10 g 

Volume of extractant = 50ml 

Volume of soil extract taken = 10ml 

Volume made up = 25ml 

Amount of sulphur (mg/kg of soil) = Concentration from the instrument x 50 x  25 

                                                                 10    10 

 = Absorbance from the sample  x 12.5 

               Slope of std. curve        

 =  Readingx12.5     

        0.025                                                          
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ESTIMATION OF EXCHANGEABLE CALCIUM AND MAGNESIUM By EDTA or 

VERSANATE METHOD  

Exchangeable Ca & Mg are extracted with neutral normal ammonium acetate (CH3COONH4) 

and determined by either using AAS(Atomic Absorption Spectrophotometer) or titrimetry.. 

Extraction  

Ammonium acetate extract used for the estimation of K or CEC can be used for the 

determination of Ca & Mg 10g soil is taken and 50 ml  ammonium acetate solution is added 

and     kept for overnight , filtered and used for estimation. 

Titrimerty  

 EDTA (Ethylene diamine tetra aceticacid) strongly complexes the cations Ca2+, Mg2+ 

Procedure 

Titrate first the Ca2+ in solution & then Ca2+ + Mg and obtain the Mg by difference. 

Reagents 

¶ EDTA ï 0.01N 

¶ NaOH ï 10% 

¶ NH4Cl, NH4OH buffer ï Dissolve 67.5g NH4CL in 400ml H2O.To  this add 5 ï 

10ml of NH4OH solution. Dilute it 

¶ Hydroxylamine hydrochloride ï 5% 

¶ Potassium hexacyano ferrate ï 4% 

¶ Tri ethanol amine 

¶ KCN solution ï 1% 

¶ Calcon & Erichrome ï black ï T ï indicator:- Calcon 0.2g / 50ml methanol 

¶ Erichrome black ï T -0 0.2g / 50ml     ò 

 

Procedure 

Determination of óCaô in solution 
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Pipette 5ml of sample into a beaker. Dilute & add 10drops of KCN, hydroxyl amine 

hydrochloride and triethanol amine solution. Add 2.5ml of NaOH and 1ml of calcon  

solution. Titrate with EDTA & calculate the mg of Ca in solution. Colour changes from wine 

red to blue. 

Role of KCN in titration  

The KCN is  a masking agent which masks  heavy metals like Cd, Zn, Ni, Si, etc. triethanol 

amine mask Ti, Fe3+ & Al  

Determination of Ca+Mg 

Pipette 5ml of sample into a beaker & dilute to 10ml. Add 15ml buffer solution (NH4Cl - 

NH4OH) 10 drop each of KCN, hydroxyl amine hydrochloride, potassium hexa cyano ferrate 

& triethanol amine while warming the solution. Continue warming for 3 minute,s. cool & add 

10 drops of Erichrome black ï T solution. Titrate with EDTA solution to blue end point. 

 Determining Mg 

Mg is calculated from the difference between Ca + Mg & Ca determination 

Calculation 

1 ml of INEDTA = 20 mg of Ca 

1 ml of INEDTA = 0.02 g of Ca 

Volume of extract taken = 5 ml 

Weight of soil taken = 10 g 

Volume of ammonium acetate added = 250 ml 

Normality of EDTA = N 

Volume of EDTA used for titration of Ca + Mg = V1 

Volume of EDTA used for titration of Ca alone = V2 

 

Volume of EDTA used for titration of Mg alone = V1 ï V2=Y 

 

% of Ca = V2x N x 0.02 x250x 100 

         weight of soil x 5 

 

1 ml of INEDTA = 0.012 g of Mg  

%  of Mg                                                               = YxNx0.012x250x100 

              10x5 

 ESTIMATION OF CATION EXCHANGE CAPACITY OF SOIL  
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The cations are displaced in a known quantity of soil sample by ammonium  ions by leaching 

the soil with neutral normal  ammonium acetate. The excess of ammonium acetate is removed 

with alcohol. Adsorbed ammonium ions are then determined by steam distillation. 

Reagents 

¶ Neutral normal ammonium acetate: Add 57ml of glacial acetic acid & 68ml of con. 

Ammonium hydroxide to 800ml water. Dilute to 1litre & adjust the pH to 7. 

¶ Alcohol 60% - Add 500ml of H2O to 1 litre of absolute alcohol 

¶ 0.1Nsulphuricacid  

¶ 0.1N NaOH for titrating 

¶ Methyl red indicator 

¶ Magnesium oxide 

 

Procedure 

¶ Transfer 10g of the soil to 500ml conical flask, add 250ml Netral Normal ammonium 

acetate solution & shake the content occasionally for an hour & keep it overnight  

¶ Filter the content through Whatman No 42 filter paper & collect the filtrate in flask 

¶ Wash the soil on the filter paper with 60% alcohol  by 2 ï 3 washing to eliminate excess 

of CH3COONH4  .This may be determined by adding a small quantity of ammonium 

chloride to the first  lot of alcohol used for washing   & then with alcohol until the filtrate 

gives no test of chloride.When this is attained remove the soil with the filter paper(The  

leachate can be used to the determination of the individual cations & residue left on the 

filter paper is used for the determination of soil EC) 

¶ Transfer the residue on Kjeldhat5s distillation flask. Add 200ml water followed by 

paraffin wax, a pick of NaCl, glass beeds. 2 ï 3 mg MgO as 20 ml 1N NaOH 

¶ Carry out distillation, collect the distillate in known volume of 20 ml of 40% boric acid to 

a conical flask. Few drops of mixed indicator added with absorption of NH3, Red colour 

of boric acid change to green and titrate back with 0.1N HCl until the wine red colour. 

Calculation 

Titre value  =  0.1 N acid taken ï 0.1 N alkali used for back titration 

1ml of 0.1 N acid = 0.1 milli eq. of any cation 
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SO, CEC  = Titre value x 0.1x100     ( Cmol per kg of soil) 

       Wt of soil taken 

 

LIME REQUIREMENT OF SOIL  

 Buffer Method ï Shoemaker et.al 

Principle 

Soil is treated with a buffer solution with a known pH and the pH  is taken after a definite 

period of equilibrium. The depression in pH is proportional to the lime requirement of  the 

soil. 

Reagents 

Buffer solution 

P ï nitrophenol ï 1.8g 

Triethanol amine ï 2.5ml 

Potassium chromate ï 3g 

Calcium acetate-2g 

 Calcium chloride(CaCl2 . 2H2O)_ ï 40g 

 

Dissolve this in 800 ml of distilled water & adjust to pH 7.5 with dilute HCl or NaOH. Dilute 

to 1L. 

Procedure 

Mix 10g (20g if very sandy) of soil  with 20mlof the buffer solution & shake for 10 minutes. 

Read the pH of the suspension & estimate the lime requirement. If 20g soil is taken, the result 

should be divided by 2. 

 

 

pH of soil buffer 

solution  7.5 

Lime required to bring the soil to indicate pH ( in 

tons/acre of pure CaCO3)  
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pH6.0 pH 6.4 pH 6. 8 

6.7 

6.6 

6.5 

6.4 

6.3 

6.2 

6.1 

6.0 

5.9 

5.8 

5.7 

5.6 

5.5 

5.4 

5.3 

5.2 

5.1 

5.0 

4.9 

1 

1.4 

1.8 

2.3 

3.1 

3.9 

4.4 

4.8 

4.8 

5.2 

5.6 

6 

6.5 

6.9 

7.4 

7.8 

8.2 

8.6 

9.1 

1.2 

1.7 

2.2 

2.7 

3.2 

3.7 

4.2 

4.7 

5.2 

5.7 

6.2 

6.7 

7.2 

7.7 

8.2 

8.6 

9.1 

10.1 

10.6 

1.4 

1.9 

2.5 

3.1 

3.7 

4.2 

4.8 

5.4 

6 

6.3 

7.1 

7.7 

8.3 

8.9 

9.4 

10 

11.2 

11.8 

12.4 
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GYPSUM REQUIREMENT OF SOIL  

   Principle 

The  amount of gypsum required to be added to a sodic soil to lower the ESP to a desired 

value is found out by titrating  a weighed quantity of soil with saturated gypsum solution  

and finding out the concentration of Calcium and Magnesium in the filtrate.From this the 

Gypsum requirement can be calculated. 

Procedure 

5g soil is shaken with 100ml of a saturated gypsum solution of  known Calcium 

concentration for 30 minutes. The solution is filtered and the filtrate is analysed for 

Ca+Mg 

Calculation 

Concentration of Ca in the gypsum solution = C1 cmol per kg 

Concentration of Ca+Mg in the filtrate = C2 cmol per kg 

Gypsum Requirement = (C1-C2)x100x100   cmol per kg 

           1000x5   

However for effective use,the Gypsum applied in practice is 1.2to1.5 times the Gypsum 

requirement calculated 

 

Determination of Dissolved oxygen in water (Winklerôs Method) 

 

Introduction  

Principle:  

MnSO4 reacts with the alkali to form white precipitate of Manganese hydroxide which in the 

precipitate of O2 get oxidized to a brown color higher hydroxide, which on acidification 

liberate iodine equivalent to that of O2 fixed. The iodine is titrated against thiosulphate using 

starch as indicator. 

Reagents 

¶ Manganese sulphate solution: Dissolve 480 g of MnSO4.4H20 or 400 g of 

MnSO4.2H20 or 363 g of MnSO4.H20 in 1000 ml distilled water. 
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¶ Alkaline iodide solution: Dissolve 500 g NaOH [or 700 g KOH] and 135 g NaI [or 

150 g KI] in 1000 ml distilled water (or dissolve 100 g KOH and 50 g KI in 200 ml 

distilled water). 

¶ Concentrated sulphuric acid. 

¶ Starch solution: Dissolved 2 g laboratory grade soluble starch and 0.2 g salicylic acid 

in 100 ml hot distilled water. 

¶ Sodium thiosulphate solution (0.025 N): Dissolve 6.203 g of Na2S2O2.5H2O in 1000 

ml distilled water. 

Procedure: 

¶ Water sample is collected from surface in 125 ml Dissolved Oxygen bottle avoiding 

formation of bubbles. 

¶ Add 1 ml alkaline iodide and 1 ml MnSO4 to that Dissolved Oxygen bottle. 

¶ Mix well and then precipitate formed is allowed to settle for few minutes. 

¶ Add 1 ml of conc. H2SO4 and shake well to dissolve the precipitate. 

¶ Then from DO bottle take 50 ml solution in conical flask. 

¶ Titrate against std. Na2S2O3 using starch as indicator. 

¶ The end point is blue to colorless and titre value is measured. 

¶  

Calculation: 

 

A x N x V x 1000 x 22.4 

DO (mg/l) = --------------------------------- 

 

B (A-L) x 0.4 x 0.698 

Where, 

A= Volume of the DO bottle 

N= Normality of Na2S2O3 

V= Titrate value 

B= Volume of sample taken 

L= Volume of reagent used 

 

(15) Estimation of free carbon dioxide 

Introduction: Dissolved CO2 has marked effects on the properties of water, if forms a weak 

carbonic acid solution that changes the pH increases, alkalinity and hardness of water by 

dissolving minerals. 

Principle:  

Free CO2 reacts with NaOH or Na2CO3 to form Na(HCO3)2, the completion of the reaction is 

indicated by the appearance of pink color in the presence with phenolphthalein indicator as 

pH of 8.3. 
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Reagents: 

¶ Std. NaOH solution (0.02 N): Dissolve 200 ml of stock solution to 1000 ml with 

distilled water. 

¶ Stock NaOH solution: Dissolved 4 g NaOH in 1000 ml distilled water. 

¶ Phenolphthalein indicator: Dissolve 0.5 g of phenolphthalein powder in 50ml of 

95% C2H2OH and add 50ml distilled water. 

Procedure: 

¶ Take 50 ml of sample in a conical flask. 

¶ Add 4 to 5 drops of phenolphthalein indicator: 

If the sample is pink color does not appear titrate the sample against standard 0.02 N 

NaOH and until the pale pink color develop and remain for 30 sec. 

¶ Note down the burette reading. 

¶  

Calculation: 

V x N x 44 x 1000 

Free CO2 (mg/l) = --------------------------- 

Volume of sample 

V = Volume of 0.02N NaOH 

N= Normality of NaOH 

 

 Determination of pH by electrometric method 

Introduction: Measurement of pH is one of the most important and frequently used test in 

water chemistry; practically every phase of water supply and waste water treatment. pH is 

used in alkalinity and CO2 measurement and many other acid-base equilibrium. 

Principle:  

The basic principle of the electrometric pH measurement is determination of the activity of 

the hydrogen ion by potentiometric measurement using a standard hydrogen electrode and a 

reference electrode. 

Apparatus: 

pH meter consisting of potentiometer, a glass electrode, a reference electrode and a 

temperature-compensating device. 

Glass electrode: The sensor electrode is bulb of special glass containing a fixed concentration 

of HCl and a buffered chloride solution in contact with an internal reference electrode. 

Procedure: 
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Before use, remove electrode from storage solution, rinse, and blot, dry with a soft tissue 

paper. 

Calibrate the instrument with standard buffer solution. [Ex: KCl solution of pH 7.0] 

Once the instrument is calibrated remove the electrode from standard solution; rinse, blot and 

dry. 

Dip the electrode in the sample whose pH has to be measured. 

Stir the sample to ensure homogeneity and to minimize CO2 entrainment. 

Note down the reading (pH) from the pH meter. 

 

(17) Determination of Chloride and Salinity from the Fish-pond Water: 

 

Ù Chloride:  

Chloride, in the form of the Clï ion, is one of the major inorganic anions, or negative ions, in 

saltwater and freshwater. It originates from the dissociation of salts, such as sodium chloride 

or calcium chloride, in water. 

 

 

 

Ù Sources of Chloride Ions: 

 

Á River streambeds with salt-containing minerals  

Á Runoff from salted roads  

Á Irrigation water returned to streams 

Á Mixing of seawater with freshwater 

Á Chlorinated drinking water  

Á Water softener regeneration 

 

Ù Expected Levels: 

 

] Seawater has a chloride ion concentration of about 19,400 mg/L (a salinity of 35.0 

ppt).  

 

] Brackish water in tidal estuaries may have chloride levels between 500 and 5,000 

mg/L (salinity of 1 to 10 ppt).  
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] Even freshwater streams and lakes have a significant chloride level that can range 

from 1 to 250 mg/L (salinity of 0.001 to 0.5 ppt). 

 

Ù Requisites: 

 

Glass wares, Burette, Pipette, Volumetric flasks, Porcelin Basin etc. 

 

Ù Reagents: 

 

~ Potassium Chromate Indicator K2CrO4. 

~ Standard Silver Nitrate AgNO3. 

~ Standard Sodium Chloride NaCl. 

 

Procedure: 

Step 1: 

Take 100 ml water sample. 

 

Step 2:  

Take 10 ml Std. NaCl Sol. + Add DW to make the Vol. around 100 ml. 

 

Step 3: 

Add 0.5 ml of K2 CrO4 to the Sol. & Titrate with AgNO3 till  appearance of a permanent red 

precipitation. 

 

Calculation Concentration of Cl- (ppm) = X * F * 1000 / V  

When, 

X= Titre Value of Ag NO3 (ml) 

 F= Factor (Normality of Ag. NO3) 

V= Vol. of water sample (ml) Used 

 

Salinity (ppt) = Chlorinity * 1.805 + 0. 03 
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Another Procedure: 

Step 1: 

Take 100 ml Sample water in a conical flask. 

Step 2: 

Add few drops K2Cr2O7 Solution. 

Step 3: 

Yellow Colour Appearance. 

Step 4: 

Take initial Burette Reading (ml) 

Step 5: 

Titrate with AgNO3. 

Step 6: 

Brick-Red Colour Appearance. 

Step 7: 

End Point of the Titration and Take the Final Burette Reading. 

 

( 18) Determination of Organic Carbon from Fishpond Soil 

 

Ù The role of organic carbon in maintaining the productivity of fishponds is well 

recognized. Apart from influencing various physic-chemical properties of bottom 

soils and releasing different nutrient elements to more available forms in the pond 

environment, it controls an important property of the pond eco-system viz. oxidation-

reduction reaction. 

 

~ Principle:  

Ù The rapid titrimetric method of Walkley and Black (1934) using heat of dilution is 

widely used for determination of OC in soil. This method has an advantage that it 

excludes less active elementary carbon soil and includes only that part of OC which is 

involved in maintenance of pond productivity. Under this method organic matter in 

soil is oxidized with excess standard potassium dichromate (K2Cr2O7) using the heat 

of dilution of added concentrated H2SO4. The unutilized K2Cr2O7 is then titrated 

with standard ferrous ammonium sulphate and the amount of OC is determined from 

the amount of standard K2Cr2O7 used for oxidation. 
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Ù Requisites: 

 

 

1. Glassware: 500 ml conical flasks, pipette, burette, measuring cylinder,1lit 

Volumetric flasks. 

 

 

2. Reagents: 

 

a) 1 N K2Cr2O7 

 

b) 1 N Fe (NH4)2(SO4) 2 

 

c) Diphenyl amine Indicator 

 

d) Concentrated H2SO4 

 

e) 85% H3PO4 

 

 

 

Ù Procedure: 

 

Step 1: Take 1 g of soil sample in a 500 ml conical flask and moisten it with a few 

drops of DW, Keep for about 10 minutes. 

 

Step 2: Add exactly 10 ml of 1 N K2Cr2O7 and then 20 ml of conc. H2SO4. 

 

Step 3: Mix the contents thoroughly and keep in a dark place for 30 min. 

 

Step 4: Then add 200 ml DW and 10 ml of H3PO4. Put about 1 ml of diphenyl amine 

indicator to develop a deep blue color. 

 

Step 5: Titrate the solution with standard 1 N Fe (NH4)2(SO4) 2 

 

Step 6: At the end point the blue color suddenly flushes to bright green. 

 

Step 7: Carry out a blank with all the reagents but without Soil. 

 

 

Ù Calculation: 

 

Organic Carbon (Percent) = (B-A) *0.3 

 

Where,  

B= Titration Value (ml) of Fe (NH4)2(SO4) 2 in Blank Set. 
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A= Titration Value (ml) of Fe (NH4)2(SO4) 2 with Soil. 

 

OC Level in Pond Soils: 

 

Banerjea (1967) categorized fishpond soil of India Under different productivity levels 

with respect to OC status of the Soil. In his opinion, pond soils having less than 0.5 % 

OC may be too poor while those in the range of 1.5-2.5 % may be taken as optimum 

for fish production. 

 

 

 

BFSC-104 Fundamentals of Microbiology  

 

Microscopy 

Introduction:  Microscope is a powerful and crucial basic tool in the field of microbiology. 

The existence of microbial life to the world was introduced first by Antony Van 

Leeuwenhoek in 1673, with the help of simple, crude, self-made, single-lens microscope 

having a magnification of about 300. (In the late 16th century several Dutch lens makers 

designed devices that magnified objects, but in 1609 Galileo Galilei perfected the first device 

known as a microscope. Dutch spectacle makers Zaccharias Janssen and Hans Lipperhey are 

noted as the first men to develop the concept of the compound microscope.) Over the years, 

microscopes have evolved to increase the magnification several thousand-fold. Modern day 

microscopes are either light microscopes or electron microscopes. Light microscopes use 

either visible light to illuminate specimens. A compound light microscope is the most 

common microscope used in microbiology. It consists of two lens systems (combination of 

lenses) to magnify the image. Each lens has a different magnifying power. A compound light 

microscope with a single eye-piece is called monocular; one with two eye-pieces is said to be 

binocular. These are generally used to look at intact cells. Ideally a microscope should be 

parfocal; that is, the image should remain in focus when objective lenses are changed. 

 

Microscopes that use a beam of electrons (instead of a beam of light) and 

electromagnets (instead of glass lenses) for focusing are called electron microscopes. These 

microscopes provide a higher magnification and are used for observing extremely small 

microorganisms such as viruses. Besides, these are generally used to look at internal 

structures or details of cell surface. 

Common Types of Light Microscopy 

Brightfield microscopy: This is the commonly used type of microscope. In brightfield 

microscopy the field of view is brightly lit so that organisms and other structures are visible 

against it because of their different densities. It is mainly used with stained preparations. 
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Differential staining may be used depending on the properties of different structures and 

organisms. 

Darkfield microscopy: In darkfield microscopy the field of view is dark and the organisms 

are illuminated. A special condenser is used which causes light to reflect from the specimen 

at an angle. It is used for observing bacteria such as treponemes (which cause syphilis) and 

leptospires (which cause leptospirosis). 

Principle:  When the light passes from one medium to another, refraction occurs, i.e., the ray 

is bent at the interface. The direction and the magnitude of bending are determined by the 

refractive indices of the two media forming the interface. The refractive index is a measure 

of how greatly a substance slows the velocity of light when light passes from air to glass or 

vice versa. 

When the light rays strike the lens, a convex lens will focus these rays at specific 

point called focal point. The distance between the center of the lens and the focal point is 

called the focal length. Convex lens act as a magnifier. It provides a clear magnifying image 

at a much closer range. Lens strength is related to focal length. A lens with a short focal 

length has a more magnification power than a lens having a longer focal length. 

Magnification  means enlargement. In compound microscope, it is carried out by two-lens 

system ï objective lens and ocular lens. Objective lens produces the real image of the 

specimen, which is projected up into focal plane and then magnified by the ocular lens to 

produce the final image, as illustrated through the light pathway of compound bright field 

microscope. Though magnification is important, it has limits. Unlimited enlargement by 

increasing magnifying power of the lenses is not possible because of the limitations of 

resolving power. 

Microscope should not only produce the enlarged image but also the clear image. Resolution 

or resolving power of the lens is its ability to separate two close points as separate entities. 
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Figure: A compound microscope composed of two lenses, an objective and an eyepiece. The 

objective forms a case 1 image that is larger than the object. This first image is the object for 

the eyepiece. The eyepiece forms a case 2 final image that is further magnified. 

The minimum distance (d) between two objects that reveals them as separate entities or 

resolving power of a lens can be calculated by Abbeôs equation as: 

 

Where ɚ is the wavelength of the light used and ɖsin ű is the numerical aperture (NA). 

 

Numerical Aperture in Microscopy: The numerical aperture of a lens is related to a value 

called the angular aperture (symbolized by ɗ), which is 1/2 the angle of the cone of light that 

enters a lens from a specimen. The equation for numerical aperture is n sin ɗ. In the right-

hand illustration, the lens has larger angular and numerical apertures; its resolution is greater 

and its working distance smaller. 
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 Numerical aperture is a characteristic of each lens and is printed on the lens. It can be 

defined as a function of the diameter of the objective lens in relation to its focal length. It 

depends on the refractive index (ɖ) of the medium in which the lens works and also upon the 

objective itself. Theta (ű) is defined as half of the angle of the cone of light entering an 

objective. Sin ű cannot be more than 1. Therefore, the lens working in air with refractive 

index 1 can have N.A.1. ɖ will have to be increased for increasing the resolution. This can be 

done by using the mineral oil. Wavelength is also an important factor in resolution. With 

shorter wavelength, the resolving power increases. Just like magnification, resolution also has 

a limit. The smaller d is, the better the resolution, and finer detail can be discerned in a 

specimen; d becomes smaller as the wavelength of light used decreases and as the numerical 

aperture increases. Thus, the greatest resolution is obtained using a lens with the largest 

possible numerical aperture and light of the shortest wavelength, at the blue end of the visible 

spectrum (in the range of 450 to 500 nm). By decreasing wavelength, resolving power of the 

lens cannot be increased indefinitely because ï 

(a) the visible portion of the electromagnetic spectrum is very narrow and borders of very 

short wavelengths are found in ultraviolet range of spectrum. 

(b) This relationship of Resolving Power with ɚ is valid only when light rays are parallel. As 

such óResolving Powerô is also dependent on another factor, i.e., refractive index. When the 

light passes from air to glass slide, and from glass slide to air, there is a loss of light due to 

bending of rays. This reduces the numerical aperture and thus the resolving power of the lens. 

This loss in light can be compensated by using mineral oil in between glass slide and 

objective lens. Mineral oil is a colourless liquid having same refractive index as glass. This 

does decrease the bending of ray, as shown in Figure 1.5, so that more light rays enter the 

objective lens thus increasing the resolving power. Proper specimen illumination is also 

important in determining resolution. 

 

 Resolving Power of a microscope depends upon the numerical aperture of both 

condenser and objective, i.e., 

 

It was found that limit of resolving power of a microscope at best be about 0.2 ɛm and limit 

of magnification is about 1000 times the numerical aperture of the objective lens. 
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Figure: Compound Microscope 

Parts of the Microscope: The components of the microscope are:  

1. OCULAR LENS or EYEPIECE ð On a binocular scope there are two ocular lenses, one 

for each eye. These lenses magnify the image at 10× power. The power of the ocular lens 

multiplied by the objective lens gives the total magnification of the microscope. 

2. ARM ð A support for the upper portion of the scope. It also serves as a convenient 

carrying handle. 

3. MECHANICAL STAGE CONTROLS ð A geared device to move the slide (placed in the 

slide clamp) precisely. 

4. COARSE ADJUSTMENT KNOB ð A rapid control which allows for quick focusing by 

moving the objective lens or stage up and down. It is used for initial focusing. 

5. FINE ADJUSTMENT KNOB ð A slow but precise control used to fine focus the image 

when viewing at the higher magnifications. 
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6. BASE ð The part of your microscope that sits on a level, stable support.  

7. OCULAR ADJUSTMENT ð An adjustment for differences in the focusing abilities of 

your eyes. 

8. DIOPTIC ADJUSTMENT ð A horizontal adjustment of the oculars. Adjust for your eyes 

so you see only one field of view with both eyes open. 

9. NOSEPIECE ð A circular plate with 4 objective lenses that can be rotated into position 

for different magnifications. 

10. OBJECTIVE LENS ð Four separate lenses that magnify the image (10×, 40×, and 100×) 

depending on the objective in use. The lens is positioned just above the object being viewed. 

11. SLIDE CLAMP ð A clamp to hold the slide on the stage. 

12. STAGE ð A platform for placement of the microscope slide. 

13. CONDENSER ð A lens that concentrates or directs the light onto the slide. 

14. IRIS DIAPHRAGM CONTROL ð A lever (or rotating disk) that adjusts the amount of 

light illuminating the slide. Use just enough light to illuminate the object on the slide and 

give good contrast. 

15. FILTER HOLDER ð A blue filter rests in this holder below the substage condenser. 

16. CONDENSER HEIGHT CONTROL ð A knob that controls the height of the condenser. 

17. LAMP ð The light source. 

18. LAMP SWITCH ð Turns the lamp ñonò and ñoffò. 

Lens Systems of a Microscope: All compound microscopes have three lens systems: the 

oculars, the objectives, and the condenser. The ocular, or eyepiece, is a complex piece, 

located at the top of the instrument, that consists of two or more internal lenses and usually 

has a magnification of 10×. Most modern microscopes have two ocular (binocular) lenses. 

Note that they are attached to a rotatable nosepiece, which makes it possible to move them 

into position over a slide. Objectives on most laboratory microscopes have magnifications of 

10×, 40×, and 100×, designated as low-power, high-dry, and oil immersion, respectively. The 

total magnification of a compound microscope is determined by multiplying the power of the 

ocular lens times the power of the objective lens used. Thus, the magnification of a 

microscope in which the oil immersion lens is being used is: 10×100=1000. The object is 

now magnified 1000 times its actual size. The third lens system is the condenser, which is 

located under the stage. It collects and directs the light from the lamp to the slide being 

studied. Unlike the ocular and objective lenses, the condenser lens does not affect the 

magnifying power of the compound microscope. The condenser can be moved up and down 

by a knob under the stage. A diaphragm within the condenser regulates the amount of light 

that reaches the slide. Microscopes that lack a voltage control on the light source rely entirely 
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on the diaphragm for controlling light intensity. In order to maximize the resolving power 

from a lens system, the following should be considered: 

(i) A blue filter should be placed over the light source because the shorter wavelength of the 

resulting light will provide maximum resolution. 

(ii) The condenser should be kept at the highest position that allows the maximum amount of 

light to enter the objective lens and therefore limit the amount of light lost due to refraction. 

(iii) The diaphragm should not be stopped down too much. While closing the diaphragm 

improves the contrast, it also reduces the numerical aperture. 

(iv) Immersion oil should be used between the slide and the 100× objective lens. This is a 

special oil that has the same refractive index as glass. When placed between the specimen and 

objective lens, the oil forms a continuous lens system that limits the loss of light due to 

refraction.  Thus, a greater magnification cannot be achieved simply by adding a stronger 

ocular lens. 

 

Figure: The light pathway of a microscope. 

Use and Care of Microscope: 

Proper care and maintenance of microscope is needed. Following points should be kept in 

mind while handling the microscope: 

(i) Instrument should be kept in special cabinets while not in use. 

(ii) Microscope should be held firmly by holding the arm with right hand and base with left 

arm. 
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(iii) All the lens systems should be cleaned with lens tissue to remove dust, oil, etc., which 

may decrease the efficiency of the microscope. Blotting paper, cloth or towel should not be 

used for cleaning. 

(iv) If the lens is sticky or oily, the lens can be cleaned with xylol followed by 95% alcohol. 

The lens is wiped dry with lens paper. This should be performed only if necessary as 

consistent use of xylol may loosen the lens. 

Method of Sterilization 

Sterilization describes a process that destroys or eliminates all forms of microbial life and is 

carried out in health-care facilities by physical or chemical methods. 

The various methods of sterilization are: 

1. Physical Method 

(a) Thermal (Heat) methods 

(b) Radiation method 

(c) Filtration method 

2. Chemical Method 

3. Gaseous method 

 

Heat Sterilization: Heat sterilization is the most widely used and reliable method of 

sterilization, involving destruction of enzymes and other essential cell constituents. The 

process is more effective in hydrated state where under conditions of high humidity, 

hydrolysis and denaturation occur, thus lower heat input is required. Under dry state, 

oxidative changes take place, and higher heat input is required. 
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This method of sterilization can be applied only to the thermostable products, but it can be 

used for moisture-sensitive materials for which dry heat (160-180°C) sterilization, and for 

moisture-resistant materials for which moist heat(121-134°C) sterilization is used. 

The efficiency with which heat is able to inactivate microorganisms is dependent upon the 

degree of heat, the exposure time and the presence of water. The action of heat will be due to 

induction of lethal chemical events mediated through the action of water and oxygen. In the 

presence of water much lower temperature time exposures are required to kill microbe than in 

the absence of water. In these processes, both dry and moist heat are used for sterilization. 

Dry Heat Sterilization:  Examples of Dry heat sterilization are: 

1. Incineration 

2. Red heat 

3. Flaming 

4. Hot air oven 

It employs higher temperatures in the range of 160-180°C and requires exposures time up to 

2 hours, depending upon the temperature employed. The benefit of dry heat includes good 

penetrability and non-corrosive nature which makes it applicable for sterilizing glass-wares 

and metal surgical instruments. 

It is also used for sterilizing non-aqueous thermo-stable liquids and thermostable powders. 

Dry heat destroys bacterial endotoxins (or pyrogens) which are difficult to eliminate by other 

means and this property makes it applicable for sterilizing glass bottles which are to be filled 

aseptically. 

Hot-Air Oven:  

Dry heat sterilization is usually carried out in a hot air oven, which consists of the following: 

(i) An insulated chamber surrounded by an outer case containing electric heaters. 

(ii) A fan 

(iii) Shelves 

(iv) Thermocouples 

(v) Temperature sensor 

(vi) Door locking controls. 

Operation: 

(i) Articles to be sterilized are first wrapped or enclosed in containers of cardboard, paper or 

aluminium. 
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(ii) Then, the materials are arranged to ensure uninterrupted air flow. 

(iii) Oven may be pre-heated for materials with poor heat conductivity. 

(iv) The temperature is allowed to fall to 40°C, prior to removal of sterilized material. 

Autoclave: The autoclave is a steam-pressure sterilizer. Steam is the vapour given off by 

water when it boils at 100°C. If steam is trapped and compressed, its temperature rises as the 

pressure on it increases. As pressure is exerted on a vapour or gas to keep it enclosed within a 

certain area, the energy of the gaseous molecules is concentrated and exerts equal pressure 

against the opposing force. The energy of pressurized gas generates heat as well as force. 

Thus, the temperature of steam produced at 100°C rises sharply above this level if the steam 

is trapped within a chamber that permits it to accumulate but not to escape. A kitchen 

pressure cooker illustrates this principle because it is, indeed, an ˈautoclave. When a 

pressure cooker containing a little water is placed over a hot burner, the water soon comes to 

a boil. If the lid of the cooker is then clamped down tightly while heating continues, steam 

continues to be generated but, having nowhere to go, creates pressure as its temperature 

climbs steeply. This device may be used in the kitchen to speed cooking of food, because 

pressurized steam and its high temperature (120 to 125°C) penetrates raw meats and 

vegetables much more quickly than does boiling water or its dissipating steam. In the process, 

any microorganisms that may also be present are similarly penetrated by the hot pressurized 

steam and destroyed. 

Essentially, an autoclave is a large, heavy-walled chamber with a steam inlet and an air 

outlet. It can be sealed to force steam accumulation. Steam (being lighter but hotter than air) 

is admitted through an inlet pipe in the upper part of the rear wall. As it rushes in, it pushes 

the cool air in the chamber forward and down through an air discharge line in the floor of the 

chamber at its front. When all the cool air has been pushed down the line, it is followed by 

hot steam, the temperature of which triggers a thermostatic valve placed in the discharge 

pipe. The valve closes off the line and then, as steam continues to enter the sealed chamber, 

pressure and temperature begin to build up quickly. The barometric pressure of normal 

atmosphere is about 15 lb to the square inch. Within an autoclave, steam pressure can build to 

15 to 30 lb per square inch above atmospheric pressure, bringing the temperature up with it to 

121 to 123°C. Steam is wet and penetrative to begin with, even at 100°C (the boiling point of 

water). When raised to a high temperature and driven by pressure, it penetrates thick 

substances that would be only superficially bathed by steam at atmospheric pressure. Under 

autoclave conditions, pressurized steam kills bacterial endospores, vegetative bacilli, and 

other microbial forms quickly and effectively at temperatures much lower and less 

destructive to materials than are required in a dry-heat oven (160 to 170°C). 

Temperature and time are the two essential factors in heat sterilization. In the autoclave 

(steam-pressure sterilizer), it is the intensity of steam temperature that sterilizes (pressure 

only provides the means of creating this intensity), when it is given time measured according 

to the nature of the load in the chamber. In the dry-heat oven, the temperature of the hot air 

(which is not very penetrative) also sterilizes, but only after enough time has been allowed to 
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heat the oven load and oxidize vital components of microorganisms without damaging 

materials. 

 

                                                                 Fig. Autoclave 

Table. Pressure-Temperature-Time Relationships in Steam-Pressure Sterilization. 

 



 

94 

 

Filt ration Sterilization:  Filtration process does not destroy but removes the microorganisms. 

It is used for both the clarification and sterilization of liquids and gases as it is capable of 

preventing the passage of both viable and non-viable particles. The major mechanisms of 

filtration are sieving, adsorption and trapping within the matrix of the filter material. 

Sterilizing grade filters are used in the treatment of heat sensitive injections and ophthalmic 

solutions, biological products and air and other gases for supply to aseptic areas. They are 

also used in industry as part of the venting systems on fermentors, centrifuges, autoclaves and 

freeze driers. 

Membrane filters are used for sterility testing. 

Application of filtration for sterilization of gases: HEPA (High efficiency particulate air) 

filters can remove up to 99.97% of particles >0.3 micrometer in diameter. Air is first passed 

through prefilters to remove larger particles and then passed through HEPA filters. The 

performance of HEPA filter is monitored by pressure differential and airflow rate 

measurements. 

There are two types of filters used in filtration sterilization 

(a) Depth Filters: Consist of fibrous or granular materials so packed as to form twisted 

channels of minute dimensions. They are made of diatomaceous earth, unglazed porcelain 

filter, sintered glass or asbestos. 

(b) Membrane Filters: These are porous membrane about 0.1 mm thick, made of cellulose 

acetate, cellulose nitrate, polycarbonate, and polyvinylidene fluoride, or some other synthetic 

material. The membranes are supported on a frame and held in special holders. Fluids are 

made to transverse membranes by positive or negative pressure or by centrifugation. 

Application of filtration for sterilization of liquids: Membrane filters of 0.22 micrometer 

nominal pore diameter are generally used, but sintered filters are used for corrosive liquids, 

viscous fluids and organic solvents. The factors which affects the performance of filter is the 

titre reduction value, which is the ratio of the number of organisms challenging the filter 

under defined conditions to the number of organisms penetrating it. The other factors are the 

depth of the membrane, its charge and the tortuosity of the channels. 

Laminar Air Flow: A Laminar flow hood/cabinet is an enclosed workstation that is used to 

create a contamination-free work environment through filters to capture all the particles 

entering the cabinet. These cabinets are designed to protect the work from the environment 

and are most useful for the aseptic distribution of specific media and plate pouring. Laminar 

flow cabinets are similar to biosafety cabinets with the only difference being that in laminar 

flow cabinets the effluent air is drawn into the face of the user. In a biosafety cabinet, both 

the sample and user are protected while in the laminar flow cabinet, only the sample is 

protected and not the user. 

Components/ Parts of Laminar Flow Hood: A laminar flow cabinet consists of the 

following parts: 
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1. Cabinet: The cabinet is made up of stainless steel with less or no gaps or joints preventing 

the collection of spores. The cabinet provides insulation to the inner environment created 

inside the laminar flow and protects it from the outside environment. The front of the cabinet 

is provided with a glass shield which in some laminar cabinets opens entirely or in some has 

two openings for the usersô hands to enter the cabinet. 

2. Working station:  A flat working station is present inside the cabinet for all the processes 

to be taken place. Culture plates, burner and loops are all placed on the working station where 

the operation takes place. The worktop is also made up of stainless steel to prevent rusting. 

3. Filter pad/ Pre-filter:  A filter pad is present on the top of the cabinet through which the 

air passes into the cabinet. The filter pad traps dust particles and some microbes from 

entering the working environment within the cabinet. 

4. Fan/ Blower: A fan is present below the filter pad that sucks in the air and moves it around 

in the cabinet. The fan also allows the movement of air towards the HEPA filter sp that the 

remaining microbes become trapped while passing through the filter. 

5. UV lamp:  Some laminar flow hoods might have a UV germicidal lamp that sterilizes the 

interior of the cabinet and contents before the operation. The UV lamp is to be turned on 15 

minutes before the operation to prevent the exposure of UV to the body surface of the user. 

6. Fluorescent lamp: Florescent light is placed inside the cabinet to provide proper light 

during the operation. 

7. HEPA filter:  The High-efficiency particulate air filter is present within the cabinet that 

makes the environment more sterile for the operation. The pre-filtered air passes through the 

filter which traps fungi, bacteria and other dust particles. The filter ensures a sterile condition 

inside the cabinet, thus reducing the chances of contamination. 

Principle of Laminar flow hood:  The principle of laminar flow cabinet is based on the 

laminar flow of air through the cabinet. The device works by the use of inwards flow of air 

through one or more HEPA filters to create a particulate-free environment. The air is taken 

through a filtration system and then exhausted across the work surface as a part of the laminar 

flow of the air. The air first passes through the filter pad or pre-filter that allows a streamline 

flow of air into the cabinet. Next, the blower or fan directs the air towards the HEPA filters. 

The HEPA filters then trap the bacteria, fungi and other particulate materials so that the air 

moving out of it is particulate-free air. Some of the effluent air then passes through 

perforation present at the bottom rear end of the cabinet, but most of it passes over the 

working bench while coming out of the cabinet towards the face of the operator. The laminar 

flow hood is enclosed on the sides, and constant positive air pressure is maintained to prevent 

the intrusion of contaminated external air into the cabinet. 

Procedure for running the laminar flow cabinet: 

I. The procedure to be followed while operating a laminar flow cabinet is given below: 
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II.  Before running the laminar flow cabinet, the cabinet should be checked to ensure that 

nothing susceptible to UV rays is present inside the cabinet. 

III.  The glass shield of the hood is then closed, and the UV light is switched on. The UV 

light should be kept on for about 15 minutes to ensure the surface sterilization of the 

working bench. 

IV.  The UV light is then switched off, and a time period of around 10 minutes is spared 

before the airflow is switched on. 

V. About 5 minutes before the operation begins, the airflow is switched on. 

VI.  The glass shield is then opened, and the fluorescent light is also switched on during 

the operation. 

VII.  To ensure more protection, the working bench of the cabinet can be sterilized with 

other disinfectants like 70% alcohol. 

VIII.  Once the work is completed, the airflow and florescent lamp both are closed and the 

glass 

IX.  shield is also closed. 

Types of Laminar Flow Cabinet: Depending on the direction of movement of air, laminar 

flow cabinets are divided into two types: 

1. Vertical Laminar Flow Cabinet: In the vertical flow cabinets, the air moves from the top 

of the cabinet directly towards the bottom of the cabinet. A vertical airflow working bench 

does not require as much depth and floor space as a horizontal airflow hood which makes it 

more manageable and decreases the chances of airflow obstruction or movement of 

contaminated air downstream. The vertical laminar flow cabinet is also considered safer as it 

doesnót blow the air directly towards the person carrying out the experiments. 

2. Horizontal Laminar Flow Cabinet:  In the horizontal laminar flow cabinets, the 

surrounding air comes from behind the working bench, which is then projected by the blower 

towards the HEPA filters. The filtered air is then exhausted in a horizontal direction to the 

workplace environment. One advantage of this cabinet is that airflow parallel to the 

workplace cleanses the environment with a constant velocity. The eluent air directly hits the 

operator, which might reduce the security level of this type of laminar flow cabinets. 

Uses of Laminar Flow Hood: The following are some common uses of a laminar flow 

cabinet in the laboratory: 

I. Laminar flow cabinets are used in laboratories for contamination sensitive processes 

like plant tissue culture. 

II.  Other laboratories processes like media plate preparation and culture of organisms can 

be performed inside the cabinet. 

III.  Operations of particle sensitive electronic devices are performed inside the cabinet. 

IV.  In the pharmaceutical industries, drug preparation techniques are also performed 

inside the cabinet to ensure a particulate-free environment during the operations. 

V. Laminar flow cabinets can be made tailor-made for some specialized works and can 

also be used for general lab techniques in the microbiological as well as the industrial 

sectors. 

Precautions: While operating the laminar airflow, the following things should be considered- 
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I. The laminar flow cabinet should be sterilized with the UV light before and after the 

operation. 

II.  The UV light and airflow should not be used at the same time. 

III.  No operations should be carried out when the UV light is switched on. 

IV.  The operator should be dressed in lab coats and long gloves. 

V. The working bench, glass shield, and other components present inside the cabinet 

should be sterilized before and after the completion of work. 

Biosafety Cabinets: Biosafety Cabinets (BSCs) are enclosed workspaces with a ventilated 

hood that is designed to contain pathogenic microorganisms during microbiological 

processes. 

The primary purpose of biosafety cabinets is to protect the laboratory personnel and 

the environment from the pathogenic microorganism as aerosols might be formed during the 

processing of such microorganisms. 

Biosafety cabinets are only used for certain risk group organisms and for processes that might 

result in aerosol formation. 

These cabinets are provided with HEPA-filters that decontaminate the air moving out of the 

cabinet. 

Biosafety cabinets might be confused with the laminar hood as both of these pieces of 

equipment work as enclosed workspaces. But, laminar hood only provides protection to the 

sample and not to the personnel and the environment, whereas biosafety cabinets protect all 

three. 

The use of biosafety cabinets or other such physical containment is not required in the 

biosafety level 1, but depending on the risk assessment, some processes might require such 

containment. 

BSCs are an essential part of biosafety as they minimize the formation of aerosol, protecting 

the environment, the pathogen, and the laboratory personnel. 

Besides, most BSCs also function to sterilize biological materials that are kept inside the 

cabinets. 

 

Nutritional media and their Preparation  

Principle:  Different types of media have been formulated for growing bacteria. Media 

generally contain a carbon source, nitrogen source and some essential minerals and salts. 

Some media may contain additional nutritional supplements. In addition, solid media contain 

agar as a solidifying agent. Meat extract and peptone are the commonest sources of 

carbohydrates and amino acids. 

Media are of different types. These are: 
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1. Basal Media: These contain nutrients that support the growth of non-fastidious bacteria. 

They do not confer any selective advantage, e.g. nutrient agar. 

2. Enriched Medium:  These are solid selective media. These media, in addition to basal 

nutrients also contain nutritional supplements like blood, serum, etc., which favour the 

growth of fastidious bacteria. e.g. blood agar, chocolate agar, Löwenstein- Jensen medium, 

etc. 

3. Enrichment Media:  These are liquid selective media. They favor the growth of some 

bacteria by extending the lag phase of others e.g. Selenite F broth. 

4. Selective Media: These media contain ingredients that selectively enable the growth of 

some species, while inhibiting others e.g. Deoxycholate citrate agar (DCA) medium. This 

medium is a selective medium for growth of Salmonella spp. present in stool which contains 

a mixed bacteria flora. This medium inhibits Escherichia coli and other Gram-negative 

bacteria. 

5. Differential Media:  These media differentiate between species of bacteria depending on a 

specific property. 

Example: MacConkey agar is a differential medium. This medium is used to demonstrate 

lactose fermenting properties, and differentiate between lactose and non-lactose fermenting 

bacteria. 

Requirements: 

I. Equipment: Bacteriological incubator. 

II. Reagents and media: Different kinds of media such as nutrient agar, blood agar, 

MacConkey agar and Selenite F broth. 

III. Specimen: 24-hour broth cultures of Staphylococcus aureus, E. coli, Proteus mirabilis 

and Salmonella spp. 

Procedure: 

1. Inoculate a loopful of the test organism, using a sterile inoculating loop, into appropriately 

labeled plates and tubes. 

2. Incubate the plates and tubes for 18 hours at 37°C. 

3. Examine the plate and tubes for growth and record observations. 

Quality Control:  1. One un-inoculated set of media as sterility control 

2. Nutrient agar: Colonies of non-fastidious bacteria such as S. aureus. 

3. Blood agar: Haemolytic strain of S. aureus streaked on the plate surrounded by a zone of 

hemolysis. 
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4. MacConkey agar: Pink, lactose fermenting colonies of E. coli and colorless colonies of 

Proteus spp. 

5. Selenite F broth: Growth positive Salmonella spp, and growth negative Proteus spp. 

6. Potato-Dextrose agar: Supporting the growth of fungi. 

7. Czapek-Dox agar: Supporting the growth of fungi. 

8. Sabouraud agar: Supporting the growth of fungi. 

9. Starch casein agar: Supporting the growth of actinomyces. 

10. Glycerol asparagine medium: Supporting the growth of actinomyces. 

Observations: All the inoculated bacteria (e.g. S. aureus, E. coli, P. mirabilis and Salmonella 

spp) produce colonies on the nutrient agar (basal medium) and blood agar (enriched 

medium). In addition, S. aureus may or may not produce haemolysis on the blood agar. 

Enumeration of Microbes  

Principle:  Studies involving the analysis of materials, including food, water, milk, and in 

some casesðair, require quantitative enumeration of microorganisms in the substances. 

Many methods have been devised to accomplish this, including direct microscopic counts, 

use of an electronic cell counter such as the Coulter Counter, chemical methods for 

estimating cell mass or cellular constituents, turbidimetric measurements for increases in cell 

mass, and the serial dilutionïagar plate method. 

Serial DilutionïAgar Plate Analysis: While all these methods (Coulter Counter, chemical 

methods, turbidimetric measurements) may be used to enumerate the number of cells in a 

bacterial culture, the major disadvantage common to all is that the total count includes dead 

as well as living cells. Sanitary and medical microbiology, at times, require determination of 

viable cells. To accomplish this, the serial dilutionïagar plate technique is used. Briefly, this 

method involves serial dilution of a bacterial suspension in sterile water blanks, which serve 

as a diluent of known volume. Once diluted, the suspensions are placed on suitable nutrient 

media. The pour-plate technique is usually employed. Molten agar, cooled to 45°C, is poured 

into a Petri dish containing a specified amount of the diluted sample. Following addition of 

the molten-then-cooled agar, the cover is replaced, and the plate is gently rotated in a circular 

motion to achieve uniform distribution of microorganisms. This procedure is repeated for all 

dilutions to be plated. Dilutions should be plated in duplicate for greater accuracy, incubated 

overnight, and counted on a Quebec colony counter either by hand or by an electronically 

modified version of this instrument. Plates suitable for counting must contain neither fewer 

than 30 nor more than 300 colonies. The total count of the suspension is obtained by 

multiplying the number of cells per plate by the dilution factor, which is the reciprocal of the 

dilution. Advantages of the serial dilutionïagar plate technique are- (i) Only viable cells are 

counted; and (ii) It allows isolation of discrete colonies that can be sub-cultured into pure 

cultures, which may then be easily studied and identified. 
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Materials:  24- to 48-hour nutrient broth culture of Escherichia coli, test tubes, nutrient broth, 

agar, conical flask, autoclave, vortex mixture, non-adsorbent cotton, Petri dish, incubator, 

pipette, micropipette, colony counter. 

Procedure:  

1. Liquefy six agar deep tubes in an autoclave. Cool the molten agar tubes and maintain in a 

water bath at 45°C. 

2. Label the E. coli culture tube with the number 1 and the seven 9-ml water blanks as 

numbers 2 through 8. Place the labelled tubes in a test tube rack. Label the Petri dishes 1A, 

1B, 2A, 2B, 3A, and 3B. 

3. Mix the E. coli culture (Tube 1) by rolling the tube between the palms of hands to ensure 

even dispersal of cells in the culture. 

4. With a sterile pipette, aseptically transfer 1 ml from the bacterial suspension, Tube 1, to 

water blank Tube 2. The culture had been diluted 10 times to 10-1 and follow this procedure 

for other such tubes. 
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5. Check the temperature of the molten agar medium to be sure the temperature was 45°C. 

Remove a tube from the water bath and wipe the outside surface dry with a paper towel. 

Using the pour-plate technique, pour the agar (100 ɛl) into Plate 1A and rotate the plate 

gently to ensure uniform distribution of the cells in the medium. 

6. Repeat step 5 for the addition of molten nutrient agar to Plates 1B, 2A, 2B, 3A, and 3B. 

Once the agar had solidified, incubate the plates in an inverted position for 24 hours at 37°C. 

7. After 24 h of incubation, Petri dish were counted for number of colonies grown. Using a 

Quebec colony counter and a mechanical hand counter, observe all colonies on plates. 

Statistically valid plate counts are only obtained from bacterial cell dilutions that yield 

between 30 and 300 colonies. Plates with more than 300 colonies cannot be counted and are 

designated as too numerous to countðTNTC ; plates with fewer than 30 colonies are 

designated as too few to countðTFTC . Count only plates containing between 30 and 300 

colonies. Remember to count all subsurface as well as surface colonies. 
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8. The number of organisms per ml of original culture is calculated by multiplying the 

number of colonies counted by the dilution factor: 

number of cells per ml = 
     

 Ȣ 
  

Result:  

No. of Colonies Dilution Factor  CFU/ml 

40 104 4×106 

76 105 7.6×107 

 

Interpretation: At 10-4 dilution of a soil sample, 4×106 CFU/ml of bacteria was obtained. 

Hanging Drop Preparation or Wet Mount 

Principle:  Bacteria, because of their small size and a refractive index that closely 

approximates that of water, do not lend themselves readily to microscopic examination in a 

living, unstained state. It is essential to differentiate between actual motility and Brownian 

movement, a vibratory movement of the cells due to their bombardment by water molecules 

in the suspension. Hanging-drop preparations and wet mounts make the movement of 

microorganisms easier to see because they slow down the movement of water molecules. 

Examination of living microorganisms is useful, however, to do the following: 

1. Observe cell activities such as motility and binary fission. 

2. Observe the natural sizes and shapes of the cells, considering that heat fixation (the rapid 

passage of the smear over the Bunsen burner flame) and exposure to chemicals during 

staining cause some degree of distortion. 

Requirements: Compound light microscope, Cavity slide, Cover slip, Petroleum jelly, 

Normal Saline, Cultures. 

Procedure: 

1. With a cotton swab, apply a ring of petroleum jelly around the concavity of the depression 

slide. 

2. Using aseptic technique, place a loopful of the culture in the center of a clean coverslip. 

3. Place the depression slide, with the concave surface facing down, over the coverslip so that 

the depression covers the drop of culture. Press the slide gently to form a seal between the 

slide and the coverslip. 

4. Quickly turn the slide right side up so that the drop continues to adhere to the inner surface 

of the coverslip. 
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5. For microscopic examination, first focus on the drop culture under the low-power objective 

(10×) and reduce the light source by adjusting the Abbé condenser. Repeat using the high-

power objective (40×). 

 

Observations: The bacteria showing motility are demonstrated in the hanging drop 

preparation. 

Note: It is important to differentiate active motility from brownian movement. Brownian 

movement is not true motility, instead it is exibited due to movement of organism as a result 

of their collision with water molecules. This movement is usually seen around the axis of 

bacteria. 

 

Isolation of Pure Culture 

Introduction:  In nature, microbial populations do not segregate themselves by species, but 

exist with a mixture of many other cell types. In the laboratory, to separate these populations 

into pure cultures is performed. These cultures contain only one type of organism and allow 

us to study their cultural, morphological, and biochemical properties. 

Principle:  The techniques commonly used for isolation of discrete colonies initially require 

that the number of organisms in the inoculum be reduced. The resulting diminution of the 

population size ensures that, following inoculation, individual cells will be sufficiently far 

apart on the surface of the agar medium to separate the different species. 
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Materials:  Nutrient agar, conical flask, inoculation loop or spreader, Petri dish, natural 

sample.  

Procedure: 

1. The streak-plate method is a rapid qualitative isolation method. It is a dilution technique 

that spreads a loopful of culture over the surface of an agar plate as a means to separate and 

dilute the microbes and ensure individual colony growth. There are many different 

procedures for preparing a streak plate- 

a. Place a loopful of culture on the agar surface in Area 1. Flame the loop, cool it by touching 

it to an unused part of the agar surface close to the periphery of the plate, and then drag it 

rapidly several times across the surface of Area 1. 

b. Reflame and cool the loop, and turn the Petri dish 90°. Then touch the loop to a corner of 

the culture in Area 1 and drag it several times across the agar in Area 2. The loop should 

never enter Area 1 again. 

c. Reflame and cool the loop and again; turn the dish 90°. Streak Area 3 in the same manner 

as Area 2. 

d. Without reflaming the loop, again turn the dish 90° and then drag the culture from a corner 

of Area 3 across Area 4, using a wider streak. Donôt let the loop touch any of the previously 

streaked areas. The purpose of flaming of the loop at the points indicated is to dilute the 

culture so that fewer organisms are streaked in each area, resulting in the final desired 

separation. 

 

2. The spread-plate technique requires also the diluted mixture of microorganisms. During 

inoculation, the cells were spread over the surface of a solid agar medium with a sterile, L-

shaped bent glass rod while the Petri dish is spun on a turntable. The step-by-step procedure 

for this technique was as follows: 

a. Place the bent glass rod into a beaker and add a sufficient amount of 95% ethyl alcohol to 

cover the lower, bent portion. 

b. Place an appropriately labeled nutrient agar plate on the turntable. With a sterile pipette, 

place one drop of sterile water on the center of the plate, followed by a sterile loopful of 

Micrococcus luteus. Mix gently with the loop and replace the cover. 
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c. Remove the glass rod from the beaker, and pass it through the Bunsen burner flame with 

the bent portion of the rod pointing downward to prevent the burning alcohol from running 

down your arm. Allow the alcohol to burn off the rod completely. Cool the rod for 10 to 15 

seconds. 

d. Remove the Petri dish cover and spin the turntable. e. While the turntable is spinning, 

lightly touch the sterile bent rod to the surface of the agar and move it back and forth. This 

was spread the culture over the agar surface. 

f. When the turntable comes to a stop, replace the cover. Immerse the rod in alcohol and 

reflame. 

g. In the absence of a turntable, turn the Petri dish manually and spread the culture with the 

sterile bent glass rod. 

3. The pour-plate technique requires a serial dilution of the mixed culture by means of a 

loop or pipette. The diluted inoculum is then added to a molten agar medium in a Petri dish, 

mixed, and allowed to solidify.  

4. Incubate all plates in an inverted position for 48 to 72 hours at 25°C. 

5. The colonies of microorganisms showed characteristics pattern on the Petri dish, which 

were documented. Particularly for bacteria, the well-isolated colonies were evaluated as 

follows- 

1. Size: pinpoint, small, moderate, or large 

2. Pigmentation: color of colony 

3. Form:  The shape of the colony is described as follows: 

a. Circular:  unbroken, peripheral edge 

b. Irregular:  indented, peripheral edge 

c. Rhizoid: rootlike, spreading growth 

4. Margin:  The appearance of the outer edge of the colony is described as follows: 

a. Entire:  sharply defined, even 

b. Lobate: marked indentations 

c. Undulate: wavy indentations 

d. Serrate: toothlike appearance 

e. Filamentous: threadlike, spreading edge 

5. Elevation: The degree to which colony growth is raised on the agar surface is described 

as: 



 

106 

 

a. Flat:  elevation not discernible 

b. Raised: slightly elevated 

c. Convex: dome-shaped elevation 

d. Umbonate: raised, with elevated convex central region 

Result: Three types of colonies were clearly identified- (i) small size, yellow color, circular 

form with serrate elevation; (ii) small size, milky appearance, entire margin with convex 

elevation; and (iii) large size, off-white color, lobate margin with undulate margin. 

IMViC Test  

Introduction: The groups of bacteria that will be isolated from the intestinal tract of humans 

and lower mammals are classified as members of the family Enterobacteriaceae. They are 

short, gram-negative, nonïspore-forming bacilli. Included in this family are 

1. Pathogens, such as members of the genera Salmonella and Shigella. 

2. Occasional pathogens, such as members of the genera Proteus and Klebsiella. 

3. Normal intestinal flora, such as members of the genera Escherichia and Enterobacter, 

which are saprophytic inhabitants of the intestinal tract. 

Microbiologists use the IMViC test to identify members of the Enterobacteriaceae, 

some of which are powerful pathogens such as members of the genera Shigella and 

Salmonella, which cause intestinal infections. Identification of the causative agent may lead 

to the source of the infection, such as raw food (Salmonella) or fecal contamination of food 

(Shigella). This aid healthcare workers in determining the possible number of individuals 

who have been exposed and who may require medical attention. This test uses the organismsô 

biochemical properties and enzymatic reactions on specific substrates as a means of 

identification. 
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Indole Test  

Principle:  Tryptophan is an essential amino acid that can undergo oxidation by way of the 

enzymatic activities of some bacteria. The enzyme tryptophanase mediates the conversion of 

tryptophan into metabolic products. The below depicted figure showing the chemistry of this 

reaction. This ability to hydrolyze tryptophan with the production of indole is not a 

characteristic of all microorganisms and therefore serves as a biochemical marker. In this 

experiment, tryptone broth, which contains the substrate tryptophan, is used. The presence of 

indole is detectable by adding Kovacôs reagent, which produces a cherry red reagent layer. 

The reagent produces this color, which is composed of p-dimethylaminobenzaldehyde, 

butanol, and hydrochloric acid. Indole is extracted from the medium into the reagent layer by 

the acidified butyl alcohol component and forms a complex with the p-

dimethylaminobenzaldehyde, yielding the cherry red color.   
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Materials:  Test tubes, beaker, tryptone broth, Kovacôs reagent. 

Procedure: 

1. Using aseptic technique, inoculate each experimental organism into its appropriately 

labelled deep tube by means of a stab inoculation. The last tube will serve as a control. 

2. Incubate tubes for 24 to 48 hours at 37°C. 

3. Add 10 drops of Kovacôs reagent to all deep tube cultures and agitate the cultures gently. 

4. Examine the color of the reagent layer in each culture. 

Interpretation:  Cultures producing a red reagent layer following addition of Kovacôs reagent 

are indole-positive; an example of this is E. coli. The absence of red coloration demonstrates 

that the substrate tryptophan was not hydrolyzed and indicates an indole negative reaction. 

Methyl Red Test Voges-Proskauer Test (MR-VP) 

Principle:  The hexose monosaccharide glucose is the major substrate utilized by all enteric 

organisms for energy production. The end products of this process will vary depending on the 

specific enzymatic pathways present in the bacteria. In this test, the pH indicator methyl red 

detects the presence of large concentrations of acid end products. Although most enteric 

microorganisms ferment glucose with the production of organic acids, this test is of value in 

the separation of E. coli and E. aerogenes. Both of these organisms initially produce organic 

acid end products during the early incubation period. E. coli stabilizes and maintains the low 

acidic pH (4) at the end of incubation. During the later incubation period, E. aerogenes 

enzymatically converts these acids to nonacidic end products, such as 2,3-butanediol and 

acetoin (acetylmethylcarbinol), resulting in an elevated pH of approximately 6. The below 

figure illustrates the glucose fermentation reaction generated by E. coli. At a pH of 4.4 or 

lower, the methyl red indicator in the pH range of 4 will turn red, which is indicative of a 

positive test. At a pH of 6.2 or higher, still indicating the presence of acid but with a lower 

hydrogen ion concentration, the indicator turns yellow and is a negative test. 

 

The Voges-Proskauer test determines the capability of some organisms to produce nonacidic 

or neutral end products, such as acetylmethylcarbinol, from the organic acids that result from 

glucose metabolism. The below figure illustrates this glucose fermentation, which is 

characteristic of E. aerogenes. The reagent used in this test, Barrittôs reagent, consists of a 

mixture of alcoholic Ŭ-naphthol and 40% potassium hydroxide solution. Detection of 

acetylmethylcarbinol requires this end product to be oxidized to a diacetyl compound. This 

reaction will occur in the presence of the Ŭ-naphthol catalyst and a guanidine group that is 

present in the peptone of the MR-VP medium. As a result, a pink complex is formed, 
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imparting a rose color to the medium. The below figure illustrates the chemistry of this 

reaction. 

 

Materials:  Test tubes, beaker, MR-VP broth, methyl red, Barrittôs reagent. 

Procedure: 

1. Transfer approximately one-third of each culture into an empty test tube and label these 

tubes for the Voges-Proskauer test.  

2. Add five drops of the methyl red indicator to the remaining aliquot of each culture (MR 

tube). 

3. Examine the color of all cultures. 4. Based on your observations, determine and record 

whether each organism was capable of fermenting glucose with the production and 

maintenance of a high concentration of acid. 

5. To the aliquots of each broth culture separated from step 1, add 10 drops of Barrittôs 

reagent A and shake the cultures. Immediately add 10 drops of Barrittôs reagent B and shake. 

Reshake the cultures every 3 to 4 minutes. 

6. Examine the color of the cultures 15 minutes after the addition of Barrittôs reagent.  

7. Based on your observations, determine and record whether each organism was capable of 

fermenting glucose with ultimate production of acetylmethylcarbinol. 

 

Interpretation:  Test tube showing red color is an indication of MR-positive result, test tube 

showing pink color is an indication of VP-positive result. 

Citrate Utilization Test  

Principle:  In the absence of fermentable glucose or lactose, some microorganisms are 

capable of using citrate as a carbon source for their energy. This ability depends on the 

presence of a citrate permease that facilitates the transport of citrate in the cell. Citrate is the 
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first major intermediate in the Krebs cycle, and is produced by the condensation of active 

acetyl with oxaloacetic acid. Citrate is acted on by the enzyme citrase, which produces 

oxaloacetic acid and acetate. These products are then enzymatically converted to pyruvic acid 

and carbon dioxide. During this reaction, the medium becomes alkalineðthe carbon dioxide 

that is generated combines with sodium and water to form sodium carbonate, an alkaline 

product. The presence of sodium carbonate changes the bromthymol blue indicator 

incorporated into the medium from green to deep Prussian blue. The below figure illustrates 

the chemistry of this reaction. Following incubation, citrate-positive cultures are identified by 

the presence of growth on the surface of the slant, which is accompanied by blue coloration, 

as seen with E. aerogenes. Citrate negative cultures will show no growth, and the medium 

will remain green. 

 

Materials:  Test tubes, beaker, Simmonôs Citrate Agar. 

Procedure:  

1. Using aseptic technique, inoculate each organism into its appropriately labelled tube by 

means of streak inoculation. The last tube will serve as a control. 

2. Incubate all cultures for 24 to 48 hours at 37°C. 

3. Examine all agar slant cultures for the presence or absence of growth and coloration of the 

medium. 

Interp retation:  Test tube with green color changed to blue is an indication of positive result. 

Cultivation of Fungi  

Principle:  Because the structural components of molds are very delicate, even simple 

handling with an inoculating loop may result in mechanical disruption of their components. 

The following slide culture technique is used to avoid such disruption. A deep concave slide 

containing a suitable nutrient medium with an acidic pH, such as Potato dextrose agar (PDA), 

is covered by a removable coverslip. Mold spores are deposited in the surface of the agar and 
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incubated in a moist chamber at room temperature. Direct microscopic observation is then 

possible without fear of disruption or damage to anatomical components. Molds can be 

identified as to spore type and shape, type of sporangia, and type of mycelium. 

Materials: Cultures, Potato dextrose agar (PDA), Petridish, Lactophenol cotton blue, slide, 

cover slip. 

Procedure:  

1. Following aseptic technique and with the help of a sterile inoculating loop, inoculated PDA 

plates with the supplied samples. 

2. Incubate all plates at room temperature, 30°C, for 2 to 5 days. Note: Do not invert the 

plates. 

3. 1. Examine each mold plate under the low and high power of a dissecting microscope by 

following LCB mount. 

Observations and Result: 

 

LCB Mount  

Principle: The lactophenol cotton blue (LCB) wet mount preparation is the most widely used 

method of staining and observing fungi. It has the following constituents: 1) Phenol kills 

fungus; 2) Lactic acid acts as a clearing agent and helps preserve the fungal structures, 3) 
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Cotton blue is an aniline dye that stains the chitin in the fungal cell walls which adds colour 

to the fungal preparation thereby enhancing and contrasting the structures; and 4) Glycerol is 

a viscous substance that prevents drying of the prepared slide specimen.  

Materials: Microscope slide and cover glass, and Microscope.  

Procedure:  

1) After grease free of the glass slide, a drop of LCB was placed on the slide.  

2) Aseptically add the supplied sample mixed to the dye and placed a cover glass on it.  

3) Observed under microscope.  

Results and Interpretation: Lactophenol cotton blue solution is a mounting medium and 

staining agent used in the preparation of slides for microscopic examination of fungi. Fungal 

spores, hyphae, and fruiting structures stain blue while the background stains pale blue. 

 

Observation of Blue-Green algae 

Anabaena 

Domain: Bacteria 

               Phylum: Cyanobacteria 

                              Class: Cyanophyceae 

                                         Order:  Nostocales 

                                                     Family:  Nostocaceae 

                                                                  Genus: Anabaena 
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1. Anabaena has uniseriate, straight, curved, or coiled trichomes that may be constricted at 

the cell walls.  

2. The blue-green to yellow-green colored cells may be spherical, ellipsoidal, cylindrical, or 

bent, but overall look much like a string of beads.  

3. Some species have soft and colorless mucilage.  

Others important characters are- 

1. Groups of gas vesicles provide bouyancy in eutrophic or turbid waters for planktonic 

species.  

2. Intercalary, solitary heterocysts for nitrogen fixation are spaced fairly regularly along the 

filament.  

3. The akinetes are also intercalary, solitary or in groups of 2-5, are spherical, ellipsoidal, 

cylindrical, or curved in shape, and are sometimes found adjacent to the heterocysts. 

4. Anabaena is similar in morphology to Nostoc, but has looser, more indistinct mucilage, 

filaments that are less constricted, akinetes in different locations, more motile hormogonia, 

and a different habitat. 

Candida albicans 

Division: Deuteromycotina  

                Class: Blastomycetes 

                           Order:  Cryptococcales  

                                        Family:  Cryptococcaceae 

                                                       Genus: Candida 

                                                                     Species: albicans 
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(i) Candida albicans is small, oval, and yeast like unicellular fungus. 

(ii)  It shows pseudomycelial growth and multilateral budding. The cell elongates and 

develops into pseudomycelium. 

(iii)   The genus comprises of imperfect forms of ascomycetous and basidiomycetous 

yeasts of various genera. 

(iv) C. albicans is the imperfect state of Syringospora, which is a member of 

basidiomycotina. 

(v) They form chlamydospores and produce spherical clusters of blastospores. 

(vi) The colonies are moderate in size, smooth and pasty. The older colonies have 

honey comb like appearance in the centre and develop radical furrows. 

(vii)  The possess a capsular form of polysaccharide that shows pyrogenic activity. 

(viii)  Examples are C. albicans, C. utilis, etc. 

 

Aspergillus 

Class: Deuteromycetes 

           Order:  Moniliales 

                       Family:  Moniliaceae 

                                      Genus: Aspergillus 

(i) Colonies on Czapek Dox agar are white (A. versicolor) on white at first and 

becoming yellowish (A. flavipes), blue green (A. sydowi), lime green (A. flavus), 

cinnamon to deeper brown shades with age (A. terreus), blackish brown to black 

with slight yellowish mycelia (A. niger). 

(ii)  Vegetative mycelim septate branched hyphae colourless.  

(iii)  Conidial apparatus developed as stalk and heads from footcells (thick-walled 

hyphal cells) producing conidiophores at long axis. 

(iv) Conidiophores septate or un-septate, broadening into elliptical, hemispherical or 

globose fertile vesicles. 

(v) Vesicles bear phialides in one series (uniseriate), or two series (biseriate). 
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(vi) Phialides clustered in terminal groups or radiating from entire surface. 

(vii)  Conidia (conidia bearing cells) elliptical, globose, smooth walled, rough or 

spinulose walls produced in chains. 

(viii)  Some species produce cleistothecia e.g. A. versicolor, A. ruber, some strains 

produce sclerotia e.g. A. niger; some species produce irregularly globose, ovoid or 

elongated heavily walled abundant hulls cells e.g. A. granulosis. 

(ix) They play a significant role in production of amylase (a. niger), diastase (A. 

flavipes, A. parasiticus), otomycosis in humans (A. niger), etc. 

 

Catalase Test 

Principle:  During aerobic respiration, microorganisms produce hydrogen peroxide and, in 

some cases, an extremely toxic superoxide. Accumulation of these substances will result in 

death of the organism unless they can be enzymatically degraded. These substances are 

produced when aerobes, facultative anaerobes, and microaerophiles use the aerobic 

respiratory pathway, in which oxygen is the final electron acceptor, during degradation of 

carbohydrates for energy production. Organisms capable of producing catalase rapidly 

degrade hydrogen peroxide as illustrated: 
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Aerobic organisms that lack catalase can degrade especially toxic superoxides using 

the enzyme superoxide dismutase; the end product of a superoxide dismutase is H2O2, but 

this is less toxic to the bacterial cells than are the superoxides. The inability of strict 

anaerobes to synthesize catalase, peroxidase, or superoxide dismutase may explain why 

oxygen is poisonous to these microorganisms. In the absence of these enzymes, the toxic 

concentration of H2O2 cannot be degraded when these organisms are cultivated in the 

presence of oxygen. Catalase production can be determined by adding the substrate H2O2 to 

an appropriately incubated Trypticase soy agar slant culture. If catalase is present, the 

chemical reaction mentioned is indicated by bubbles of free oxygen gas O2ŷ. This is a 

positive catalase test; the absence of bubble formation is a negative catalase test. 

Note: With the increasing worry about methicillin-resistant strains of Staphylococcus in 

hospitals, the catalase test is a quick and easy way to differentiate S. aureus, which may be 

methicillin-resistant S. aureus (MRSA), from other Staphylococcus species that have 

exhibited lower incidences of methicillin resistance. 

Requirements: Slide, Hydrogen peroxide, Inoculating loop, Cultures. 

Procedure: 

1. Label slides with the names of the organisms. 

2. Using a sterile loop, collect a small sample of the first organism from the culture tube and 

transfer it to the appropriately labelled slide. 

3. Place the slide in the Petri dish. 

4. Place one drop of 3% hydrogen peroxide on the sample. Do not mix. Place the cover on the 

Petri dish to contain any aerosols. 

5. Observe for immediate presence of bubble formation. 

Observations and Result: The supplied sample generated bubbles, therefore, it was catalase 

positive. 

Gram Staining 

Principle:  The most important differential stain used in bacteriology is the Gram stain, 

named after Dr. Hans Christian Gram. It divides bacterial cells into two major groups, gram 

positive and gram negative, which makes it an essential tool for classification and 

differentiation of microorganisms. Differential staining requires the use of at least four 

chemical reagents that are applied sequentially to a heat-fixed smear. The first reagent is 

called the primary stain. Its function is to impart its color to all cells. The second stain is a 

mordant used to intensify the color of the primary stain. In order to establish a color contrast, 
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the third reagent used is the decolorizing agent. Based on the chemical composition of 

cellular components, the decolorizing agent may remove the primary stain from the entire cell 

or only from certain cell structures. The final reagent, the counterstain, has a contrasting color 

to that of the primary stain. Following decolorization, if the primary stain is not washed out, 

the counterstain cannot be absorbed, and the cell or its components will retain the color of the 

primary stain. If the primary stain is removed, the decolorized cellular components will 

accept and assume the contrasting color of the counterstain. In this way, cell types or their 

structures can be distinguished from each other on the basis of the stain that is retained. 

The Gram stain reaction is based on the difference in the chemical composition of 

bacterial cell walls. Gram-positive cells have a thick peptidoglycan layer, whereas the 

peptidoglycan layer in gram-negative cells is much thinner and surrounded by outer lipid-

containing layers. Peptidoglycan is a polysaccharide composed of two chemical subunits 

found only in the bacterial cell wall. These subunits are N-acetylglucosamine and N-

acetylmuramic acid. With some organisms, as the adjacent layers of peptidoglycan are 

formed, they are cross-linked by short chains of peptides by means of a transpeptidase 

enzyme, resulting in the shape and rigidity of the cell wall. In the case of gram-negative 

bacteria and several of the gram-positive, such as the Bacillus, the cross-linking of the 

peptidoglycan layer is direct because the bacteria do not have short peptide tails. The Gram 

stain uses four different reagents. 

Procedure: 

I. A clean glass slide was obtained. 

II. The smear was prepared by placing a drop of culture by using sterile inoculating loop. 

III. The smear was allowed to air dry and then heat fixed by using Bunsen-burner. 

IV. The smear was covered with several drops of crystal violet and incubated for 30 seconds 

to 1 minute. 

V. The slide was gently washed with drops of tap water. 

VI. The smear was then flooded with the Gramôs iodine and incubated for one minute. 

VII. The slide was gently washed with drops of tap water. 

VIII. The slide was then decolourized with 90% ethyl alcohol. 

IX. The slide was air dried followed by counter staining with safranin for 45 seconds. 

X. The slide was gently washed with drops of tap water. 

XI. The slide was air dried and observed under microscope. 

Result: Under microscope, the supplied sample bacterium seen as rod shaped and violet 

color; hence, it was a Gram-positive bacterium. 
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Negative Staining 

Principle:  Negative staining requires the use of an acidic stain such as India ink or nigrosin. 

The acidic stain, with its negatively charged chromogen, will not penetrate the cells, because 

of the negative charge on the surface of bacteria. Therefore, the unstained cells are easily 

discernible against the colored background. The practical application of negative staining is 

twofold. First, since heat fixation is not required and the cells are not subjected to the 

distorting effects of chemicals and heat, we can see their natural size and shape. Second, we 

can observe bacteria that are difficult to stain, such as some spirilla. Because heat fixation is 

not done during the staining process, keep in mind that the organisms are not killed and slides 

should be handled with care. 

The principle application of negative staining is to determine if an organism possesses a 

capsule (a gelatinous outer layer that makes the microorganism more virulent), although it 

can also be used to demonstrate spore formation. The technique is frequently used in the 

identification of fungi such as Cryptococcus neoformans, an important infectious agent found 

in bird droppings that is linked to meningeal and lung infections in humans. 

Materials:  Nigrosin, 48 h old culture, glass slide, cover slip. 

Procedure: 

1. Place a small drop of nigrosin close to one end of a clean slide. 

2. Using aseptic technique, place a loopful of inoculum from the supplied culture in the drop 

of nigrosin and mix. 

3. Place a slide against the drop of suspended organisms at a 45° angle and allow the drop to 

spread along the edge of the applied slide. 

4. Push the slide away from the drop of suspended organisms to form a thin smear and air 

dried. 

Observations: Colorless cells were observed against the dark field background. 

Spore Stain (Schaeffer-Fulton Method) 

Principle:  Members of the anaerobic genera Clostridium and Desulfotomaculum and the 

aerobic genus Bacillus are examples of organisms that have the capacity to exist either as 

metabolically active vegetative cells or as highly resistant, metabolically inactive cell types 

called spores. When environmental conditions become unfavourable for continuing 

vegetative cellular activities, particularly with the exhaustion of a nutritional carbon source, 

these cells have the capacity to undergo sporogenesis and give rise to a new intracellular 

structure called the endospore, which is surrounded by impervious layers called spore coats. 

As conditions continue to worsen, the endospore is released from the degenerating vegetative 

cell and becomes an independent cell called a free spore. Because of the chemical 

composition of spore layers, the spore is resistant to the damaging effects of excessive heat, 

freezing, radiation, desiccation, and chemical agents, as well as to the commonly employed 
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microbiological stains. With the return of favourable environmental conditions, the free spore 

may revert to a metabolically active and less resistant vegetative cell through germination. 

Note that sporogenesis and germination are not meaning of reproduction but merely 

mechanisms that ensure cell survival under all environmental conditions. 

Malachite green (Primary Stain): Unlike most vegetative cell types that stain by common 

procedures, the free spore, because of its impervious coats, will not accept the primary stain 

easily. For further penetration, we must apply heat. After we apply the primary stain and heat 

the smear, both the vegetative cell and spore appear green. 

Water (Decolorizing Agent): Once the spore accepts the malachite green, it cannot be 

decolorized by tap water, which removes only the excess primary stain. The spore remains 

green. On the other hand, the stain does not demonstrate a strong affinity for vegetative cell 

components; the water removes it, and these cells will be colorless. 

Safranin (Counterstain): This contrasting red stain is used as the second reagent to color the 

decolorized vegetative cells, which will absorb the counterstain and appear red. The spores 

retain the green of the primary stain. 

Materials:  24 h grown culture, malachite green, glass slide. 

Procedure:  

1. Obtain two clean glass slides. 

2. Make individual smears in the usual manner using aseptic technique. 

3. Allow smear to air-dry, and heat fix in the usual manner. 

4. Flood the smears with malachite green and place on top of a water bath, allowing the 

preparation to steam for 2 to 3 minutes.  

Note: Do not allow stain to evaporate; replenish stain as needed. Prevent the stain from 

boiling by adjusting the hot plate temperature. 

5. Remove the slides from the hot plate, cool, and wash under running tap water. 

6. Counterstain with safranin for 30 seconds. 

7. Wash with tap water. 

8. Blot dry with bibulous paper and examine under oil immersion. 

Observations: Only pink color rod cells appeared under the microscope, therefore, the 

supplied sample is endospore negative. 

MPN Test 

Principle:  The three basic tests to detect coliform bacteria in water are presumptive, 

confirmed, and completed. The tests are performed sequentially on each sample under 
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analysis. They detect the presence of coliform bacteria (indicators of fecal contamination), 

through the fermentation of lactose that will produce acid and gas that is detectable following 

a 24-hour incubation period at 37°C.  

The Presumptive Test: The presumptive test is specific for detection of coliform bacteria. 

Measured aliquots of the water to be tested are added to a lactose fermentation broth 

containing an inverted gas vial. Because these bacteria are capable of using lactose as a 

carbon source (the other enteric organisms are not), their detection is facilitated by the use of 

this medium. In this experiment, you will use lactose fermentation broth containing an 

inverted Durham tube for gas collection. Tubes of this lactose medium are inoculated with 

10-ml, 1-ml, and 0.1-ml aliquots of the water sample. The series consists of at least three 

groups, each composed of five tubes of the specified medium. The tubes in each group are 

then inoculated with the designated volume of the water sample, as described under 

ñProcedure: Lab One.ò The greater the number of tubes per group, the greater the sensitivity 

of the test. Development of gas in any of the tubes is presumptive evidence of the presence of 

coliform bacteria in the sample. The presumptive test also enables the microbiologist to 

obtain some idea of the number of coliform organisms present by means of the most probable 

number (MPN) test. The MPN is estimated by determining the number of tubes in each group 

that show gas following the incubation period. 

The Confirmed Test: The presence of a positive or doubtful presumptive test immediately 

suggests that the water sample is nonpotable. Confirmation of these results is necessary 

because positive presumptive tests may be the result of organisms of noncoliform origin that 

are not recognized as indicators of fecal pollution. The confirmed test requires that selective 

and differential media (e.g., eosinïmethylene blue (EMB) or Endo agar) be streaked from a 

positive lactose broth tube obtained from the presumptive test. The nature of the differential 

and selective media was discussed in Experiment 14 but is reviewed briefly here. Eosinï

methylene blue contains the dye methylene blue, which inhibits the growth of gram-positive 

organisms. In the presence of an acid environment, EMB forms a complex that precipitates 

out onto the coliform colonies, producing dark centers and a green metallic sheen. The 

reaction is characteristic for Escherichia coli, the major indicator of fecal pollution. Endo 

agar is a nutrient medium containing the dye fuchsin, which is present in the decolorized 

state. In the presence of acid produced by the coliform bacteria, fuchsin forms a dark pink 

complex that turns the E. coli colonies and the surrounding medium pink. 

The Completed Test: The completed test is the final analysis of the water sample. It is used 

to examine the coliform colonies that appeared on the EMB or Endo agar plates used in the 

confirmed test. An isolated colony is picked up from the confirmatory test plate, inoculated 

into a tube of lactose broth, and streaked on a nutrient agar slant to perform a Gram stain. 

Following inoculation and incubation, tubes showing acid and gas in the lactose broth and 

presence of gram-negative bacilli on microscopic examination is further confirmation of the 

presence of E. coli, and they are indicative of a positive completed test. 

Materials:  Lactose broth, MacConkey agar, nutrient agar, test tubes, Petridish, slide, crystal 

violet, safranin, gramôs iodine, 95% ethanol. 
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Procedure: 

Presumptive Test 

1. Examine the tubes from your presumptive test after 24 and 48 hours of incubation. Your 

results are positive if the Durham tube fills 10% or more with gas in 24 hours, doubtful if gas 

develops in the tube after 48 hours, and negative if there is no gas in the tube after 48 hours.  

2. Determine the MPN using standard table, and record your results in the Lab Report. 

Confirmed Test 

1. Using a positive 24-hour lactose broth culture from the sewage water series from the 

presumptive test, streak the surface of one EMB or one Endo agar plate, to obtain discrete 

colonies. 

2. Incubate all plate cultures in an inverted position for 24 hours at 37°C. 

3. Examine all the plates from your confirmed test for the presence or absence of E. coli 

colonies.  

4. Based on your results, determine whether each of the samples is potable or nonpotable. 

The presence of E. coli is a positive confirmed test, indicating that the water is nonpotable. 

The absence of E. coli is a negative test, indicating that the water is not contaminated with 

fecal wastes and is therefore potable.  

Completed Test 

1. Label each tube of nutrient agar slants and lactose fermentation broths with the source of 

its water sample. 

2. Inoculate one lactose broth and one nutrient agar slant with a positive isolated E. coli 

colony obtained from each of the experimental water samples during the confirmed test. 

3. Incubate all tubes for 24 hours at 37°C. 

4. Prepare a Gram stain, using the nutrient agar slant cultures of the organisms that showed a 

positive result in the lactose fermentation broth.  

5. Examine the slides microscopically for the presence of gram-negative short bacilli, which 

are indicative of E. coli and thus nonpotable water.  



 

122 

 

 

Observation and Result:  MPN index 
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Isolation of Rhizobium from Root Nodules 

Principle:  Rhizobia (Rhizobium, Bradirhizobium, and Azorhizobium spp.) are the Gram-

negative and aerobic bacteria that symbiotically form nodules with roots of leguminous 

plants. They fix atmospheric nitrogen and render it into combined forms resulting in high 

amount of proteins in roots. Eighty percent nitrogen produced from the symbiosis is 

involving leguminous plants and Rhizobiaceae. The proteins are transported along the plants 

and also secreted in rhizosphere region. In recent years, rhizobia are used as biofertilizers for 

selected crops. 

Materials:  Root nodules, YEM (yeast extract-mannitol) agar medium, Test tube with nylon 

mesh, Petri dishes, 0.1% acidified HgCl2(1 g HgCl2, 5 ml conc. HCI, 1 litre distilled water), 

Sterile tap water, Nichrome blade. 

YEM agar medium composition: K2HPO4 (0.5 g), MgSO4, 7H2O (0.2 g), NaCl (0.1 g), 

Mannitol (10.0 g), Yeast extract (1.0 g), Distilled water (1 lit), Agar (20.0 g), pH 6.8. 
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Procedure:  

(i) Procure healthy root nodules of a young leguminous plant by cutting with blade. 

(ii) Wash the nodules thoroughly first with tap water and then with sterile distilled water 

keeping over the nylon mesh under aseptic conditions so as to remove contaminants and 

adhering soil particles. 

(iii) Thereafter, immerse them in 0.1% acidified HgCl2 for 5 minutes. 

(iv) Transfer nodules in a sterile beaker containing 10 ml of 95% ethanol and wait for 2-3 

minutes. 

(v) Wash the nodules thoroughly for 5 times with sterile tap water, and blot dry by using 

sterile blotting paper. 

(vi) Aseptically crush the nodules with glass rod or dissect the nodules by using nichrome 

blade and prepare dilutions. 

(vii) Pour 1 ml suspension on YEM agar plates. 

(viii) Incubate the inoculated plates at 28°C for 48 hours.  

Results: After incubation it was observed that the bacterial colonies were gummy, 

translucent or white opaque in appearance and Gram-negative. Colonies of above features 

ensured the presence of Rhizobium. 

Isolation of Azotobacter from Soil 

Principle:  Soil contains several microorganisms beneficial to plants. These microorganisms 

may live freely as well as in association with some plants. Among the free-living 

microorganisms, Azotobacter spp. fix atmospheric nitrogen into ammonia utilized by the 

plants as nitrogenous fertilizers. The presence of Azotobacter in soil can be checked by 

isolation and its identification. It is a Gram-negative, motile, rod shaped, pleomorphic aerobic 

bacterium which produces catalase.  

 Ashbyôs Mannitol Agar are formulated as described by Subba Rao. It is used for 

isolation of Azotobacter, a nonsymbiotic nitrogen fixing bacteria which uses mannitol as a 

carbon source and atmospheric nitrogen as nitrogen source. 

Materials:  Soil, Incubator, Petri dish, inoculating loop, Sieve 2 mm, Ashbyôs medium. 

Ashbyôs agar medium composition: K2HPO4 (0.2 g), MgSO4, 7H2O (0.2 g), NaCl (0.2 g), 

Mannitol (20.0 g), K2SO4 (0.1 g), CaCO3 (0.5 g), Distilled water (1 lit), Agar (20.0 g), pH 

7.4. 

Procedure:  

I. Pour Ashbyôs medium into sterile Petri plates and allow them to solidify. 
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II.  Add the other 10 g soil sample into the 90 ml water blank, shake for 20-25 min on the 

magnetic shaker. 

III.  Make serial dilutions of this sample though sterile water blanks as men­tioned under 

bacteria. 

IV.  Add 1 ml of each dilution on to the agar plates, rotate the plates for even spread­ing of 

inoculum and incubate at 28°C for 3-4 days. 

Results: After incubation, it was observed that the bacterial colonies were flat, soft, mu­coid 

and milky in appearance and Gram-negative. Colonies of above features ensured the presence 

of Azotobacterium. 

Isolation of Azospirillum from Soil/Root 

Principle:  Azospirillum species occur as free-living in soil or in association with the roots of 

cereal crops, grasses and tuber plants. Azospirillum species are plant-associated diazotrophs 

(able to grow without external sources of fixed nitrogen) of the alpha subclass of 

Proteobacteria. Malic acid is used as the carbon source. Azospirillum species grow well in 

presence of Malic acid and are not overgrown by other nitrogen fixers. Dipotassium 

phosphate provides buffering effect and other inorganic salt ingredients provide necessary 

growth nutrients. Agar at 0.17% concentrations provides microaerophillic conditions 

necessary for nitrogen fixation by Azospirillum species. 

Materials:  Soil, Incubator, Screw cap bottles, inoculating loop, Sieve 2 mm, Azospirillum 

medium. 

Azospirillum medium composition:  

Part A - Malic acid (5.0 g), Dipotassium hydrogen phosphate (0.5 g), Ferrous sulphate (0.5 

g), Manganese sulphate (0.01 g), Magnesium sulphate (0.2 g), Sodium chloride (0.1 g), 

Bromo thymol blue (0.002), Sodium molybdate (0.002 g), Calcium chloride (0.02 g), Agar 

(1.75 g). 

Part B - Potassium hydroxide (4.0 g), Final pH 6.8. 

Mixing Protocol:  Suspend 8.0 g of dehydrated Part A in 950 ml distilled water. Heat to 

boiling to dissolve the medium completely. Sterilize by autoclaving at 15 lbs pressure 

(121°C) for 15 minutes. Cool to 45-50°C and aseptically add required quantity of 4.0 g 

potassium hydroxide (Part B) dissolved in 50 ml of sterile distilled water to obtain pH of 6.8. 

Procedure:  

I. Collect plant roots/soil sample from field. 

II.  Cut 0.5 cm long root pieces and wash it with sterile distilled water. 

III.  After cooling down of Azospirillum medium, it pours down into small screw cap 

bottles and put small pieces of washed roots on it. 

IV.  Incubated the plates for two days at 28-30°C. Pellicles of Azospirillum were seen 1-2 

mm below the upper surface of the medium. The bacteria grow in the semi-solid 
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media at low partial pressure of oxygen which favours the organisms to grow at a 

state of nitrogen fixation. 

Results: Development of white, dense, and undulating fine pellicle on the semi-solid malate 

medium was characteristic of Azospirillum. 

Antibiotic Sensitivity Assay (Kirby -Bauer Method) 

Principle:  The available chemotherapeutic agents vary in their scope of antimicrobial 

activity. Some have a limited spectrum of activity, effective against only one group of 

microorganisms. Others exhibit broad-spectrum activity against a range of microorganisms. 

The drug susceptibilities of many pathogenic microorganisms are known, but it is sometimes 

necessary to test several agents to determine the drug of choice. 

A standardized diffusion procedure with filter-paper discs on agar, known as the 

Kirby-Bauer method, is frequently used to determine the drug susceptibility of 

microorganisms isolated from infectious processes. This method allows the rapid 

determination of the efficacy of a drug by measuring the diameter of the zone of inhibition 

that results from diffusion of the agent into the medium surrounding the disc. In this 

procedure, filter-paper discs of uniform size are impregnated with specified concentrations of 

different antibiotics and then placed on the surface of an agar plate that has been seeded with 

the organism to be tested. The medium of choice is Mueller-Hinton agar, with a pH of 7.2 to 

7.4, which is poured into plates to a uniform depth of 5 mm. The plates are then heavily 

inoculated with a standardized inoculum by means of a spreader to ensure the confluent 

growth of the organism. The discs are aseptically applied to the surface of the agar plate at 

well-spaced intervals. Once applied, each disc is gently touched with a sterile applicator stick 

to ensure its firm contact with the agar surface. Following incubation, the plates are examined 

for the presence of growth inhibition, which is indicated by a clear zone surrounding each 

disc. The susceptibility of an organism to a drug is assessed by the size of this zone, which is 

affected by other variables such as the following: 

1. The ability and rate of diffusion of the antibiotic into the medium and its interaction with 

the test organism. 

2. The number of organisms inoculated. 

3. The growth rate of the organism. 

Requirements: Muller-Hinton Agar, Antibiotics disc, Forceps, Inoculating loop, Cultures, 

Spreader. 

Procedure: 

1. Label the bottom of each of the agar plates with the name of the test organism to be 

inoculated. 

2. Using aseptic technique, inoculate all agar plate with the test organism and properly spread 

it over the plates. 
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3. Allow all culture plates to dry for about 5 minutes. 

4. Using sterilized forceps the antibiotic discs were placed over the agar surface and pressing 

the disc slightly. 

5. Examine all plate cultures for the presence or absence of a zone of inhibition surrounding 

each disc and carefully measure each zone of inhibition in millimetre scale. 

Result and Observation: A measurement of the diameter of the zone of inhibition in 

millimeters is made, and its size is compared with that contained in a standardized chart. 

Based on this comparison, the test organism is determined to be resistant, intermediate, or 

susceptible to the antibiotic. 

  


